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THE KINETIC POWER THEOREM 
AND ITS APPLICATION TO ELECTRON BEAM DEVICES 


V.M. Lopukhin 


The application of the kinetic-power theorem to the operation of several microwave 
electron-beam devices, such as the transit klystron, the traveling-wave tube, and the double- 
beam tube is considered. 

The possibility of extracting energy from a fast space-charge wave and the possibility 
of reducing the noise in electron-beam devices are discussed. 


INTRODUCTION 


The question of increased sensitivity (that is eeddced noise figure) of devices such as 
traveling wave tubes (TWT) has been under continual discussion in recent published papers. 

It has been established that the noise figure of a TWT with longitudinal interaction be- 
tween beam and field is determined by the properties and the operating conditions of the 
cathode and by the potential distribution in the gun. To reduce the noise figure of a TWT at 
a certain frequency, it is necessary that the noise waves, which are excited in the beam by 
shot processes of the same frequency in the cathode, induce a minimum noise emf in the 
TWT input antenna, which also receives the amplified signal. A review of the work done 
prior to 1957 is found in references [1,2], which contain an appropriate bibliography. 

References [3,4] describe TWT amplifiers for the 10-cm band with a noise figure less 
than 4 db. These tubes incorporate guns with a tubular electron beam and a special distri- 
bution of the static field in the gun, the field build up being quite slow and deviating from the 
Langmuir law. The minimum measured noise figure is 3.5 db. 

Reference [5] reported a 10-cm TWT tube with a minimum noise figure also of 3.5 db. 
The beam was in the form of a solid cylinder, and the field varied very smoothly in the gun. 

Backward wave tubes with 2.9 db minimum noise figure and with guns of the same type 
as in references [3,4] have been investigated by Currie et al. [6]. 

We recall that the minimum noise figure of a TWT is 6.3 db according to the single- 
velocity theory, a figure which is much higher than the noise figure of experimental tubes. 
The apparent reason for this is that near the cathode of the experimental tube, where the 
potential builds up rather slowly, there is a long multi-velocity region which acts as a trans- 
former to reduce the noise in the beam. : 

The question of the noise figure of a TWT with transverse high-frequency field is studied 


in [8, 9]. 
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Longitudinal random currents do not interact with the transverse fields and, consequently . 
hardly influence the noise figure. 
Transverse random electron displacements occurring in the electron gun are partially 
reduced with a collimator — a narrow slit restricting the passage of the electron beam from 

the ; 
"The minimum noise figure obtained in a TWT of this type is 6 db, while the rated mini- 
mum noise figure is 2 db. 

Further reduction in the TWT noise figure can be attained by a more detailed investiga- _ 
tion of the waves in the electron beam, waves excited by current and velocity fluctuations and 
also by the amplified signal. It is known [10,11] that the time-varying quantities characteriz— | 
ing the current, velocity, and current density in an electron beam can be represented as a 
superposition of fast and slow electron-beam waves. The fast waves are associated with 
the predominance of fast electrons in the beam, and the slow waves are due to the slow 
electrons. These waves have interesting properties. Thus, for example a fast wave, in- 
cluding one excited by shot-noise current or velocity fluctuations, can be extracted from 
the electron beam by means of some slow-wave system or resonator, whereas a slow wave 
cannot be extracted. At the same time, the operation of a traveling wave tube, that is, the 
appearance of growing waves in the slow-wave system, is due to slowing down of the electrons, 
that is, to an increase in the amplitude of the slow electron wave. 

The use of these properties of electron waves has been proposed to "render the electron 
beam noiseless, '! or more accurately speaking, te reduce the amplitude of the fast electron 
waves excited in the electron beam by the shot fluctuations of the current of velocity density. 
The signal wave is introduced into the electron beam instead of the fast noise wave. Such 
a wave, however, cannot be amplified by the usual operating mechanism of the traveling wave 
tube. It has been proposed that the amplification be effected by parametric action on the 
electron beam. 

An electronbeam receives, inaddition, a signal consisting of a fast space-charge wave 
and noise in the form of a slow electron wave in the beam, but also pumping power of fre- 
quency &, #w (wis the signal frequency). Under these conditions, solutions that increase 
with the coordinate are possible for the fast signal wave, providing certain relationships 
exist between the problem parameters. The power source in this case is the pumping wave. 

Amplifiers of this type are called parametric electron-beam amplifiers. Articles 
[12 — 14] are devoted to a theoretical investigation of electron-beam parametric amplifiers 
with longitudinal interaction. The problem is most fully treated in [14], where all the com- 
bination frequencies produced in the electron beam by the pumping are taken into account. 
References [15 — 18] report on experimental investigations of the amplification associated 
with the parametric interaction in an electron beam in the absence of a slow-wave system 
[15,16], in a backward wave tube [17], and in a TWT [18]. Articles [19,20] are devoted 
to a theoretical study of the transformation of the waves in a slow-wave system surrounding 
an electron beam. It is shown that the fast wave of the electron beam can be converted into 
the slow wave and then absorbed by a matched load. At the same time, the signal from the 
slow-wave system can be converted into a fast beam wave. 

Experimental investigations of the noise figure of parametric TWT with longitudinal 
interaction have thus far not yielded good results: There are no descriptions of tubes of 
this type with low noise coefficient in the literature. 

The most effective noise-figure reduction has been produced by parametric TWT with 
transverse field [21 — 24]. Some tubes of this type have a noise coefficient of 1.3 db, which 
is much less than the noise coefficient of even the best types of nonparametric TWT. 

The theory of a parametric transverse-field amplifier is developed in references [25, 

26]. 

It is the purpose of the present review to discuss several problems connected with the 
energy flow in electron beams and with the application of the kinetic power theorem to elec- 
tron-beam devices. This theorem, formulated by Chu [27,28], is closely connected with 
the problem of extraction of noise power from an electron beam. This theory also explains 
the mechanism whereby the electrons interact with the field and gives a criterion for the 
reality of expressions that rise exponentially with the coordinate for fields that appear in 
the simultaneous solution of the equation of motion of the electrons and of the electromagnetic 
field. 

This theorem was generalized by Haus [29] for a parametric electron beam. It is 
connected with the Manly-Row [30] relations, which describe the flow of energy in nonlinear 
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ystems with reactance elements. 
1. KINETIC POWER THEOREM FOR N-RAY BEAM 


| The law of conservation of energy in an electron beam, as applied to the theory of small 
wumplitudes, has been cast in the form of a kinetic-power theorem. 

| This theorem was derived by Chu [27,28] for a single beam. We give below a derivation 

bf this theorem for a beam with N rays. 

We consider a volume V, bounded by a closed surface S (see Figure 1). Assume that N 
electron beams penetrate through this volume and propagate in the z direction with average 
elocity von(n , 1, 2, . . . , N). The beams are considered to be intermixed over the cross 
section, and the average electronic charge is assumed to be compensated by the ion background 
Let the electron velocity, the charge density, and the current den- 

sity of the electrons in beam number n have the form 


v 


Von -- Unexplat, (1) os 
TF, (7,1) 

Pon 7 Pp eXp tot, (2) 

Jon + Jn €Xp tot, (3) 


Figure 1. Cavity of 
where Vo , andj, are the de components of the corresponding volume V, bounded by 
|quantities, "ind endent of either the coordinates or the time, while a surface S, transversed 
‘Yn, Pn, and jn are the amplitudes of the variable coordinates, which byanelectron beam whose 
‘are independent of the time but may depend on the coordinates: wis density is ir, t) and ve- 
the angular frequency. locity is v(r,t), 

We assume that the theory of smali amplitudes is in force, so that 


| ?n|<on, (4) 
|Pnl<Pons (5) 
Fy a es (6) 


We start from Maxwell's equations, the continuity equation, and the electron equation of 
motion 


[VE] = —iopH, (7) 
N 
[VH] =iwek + S\7,, (8) 
n=) 
Vin == —10Pn, (9) 
i@%n + (Pm V)n = — B, (10) 


where E and Hare the intensities of the electric and magnetic fields, u and € are the permea- 
bility and the dielectric constant of the substance filling the volume V, while e and m are the 
charge and mass of the electron. 

Multiplying (7) by Ht, multiplying the equation conjugate to (8) by E, and then subtract- 
ing respectively the left and right halves of the resultant equations (8) and (7 ), we obtain 


V[EH"| = —iopHH + ioeEL’— SE; (11) 


Multiplying (11) by ix, we get 


ian f”, + 7, (nV) In = — Ej. (12) 


Using the small-amplitude condition, we get 


=> 


In ea a Don Pa: (13) 
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We assume henceforth that the electrons move only along the z-axis, that is, j = jz and v =Vz. 
Substituting in (12) the value of j§ calculated with the aid of (13) and the value of on from (9), 
we get 


m 


Ey, =— [iov, Os, Bing V Ge DisioMle (14) 


é 


Substituting (12) in (11) we have 
es Gee . Ape Bi 2 N { 
v (EH sHi) Jose th on) = iw [(e# EY —pHH)— 9 ™ po, v]. (15) 


n= eet 


Integrating both halves of (15) over the volume V, transforming further in the left half 
to the surface integral over the surface S, and evaluating the real part of the resultant equa- 
tion, we obtain the mathematical formulation of the kinetic-power theorem for a N-beam 
tube: 


(Prad) + (Px) = 0, (16) 

where ; 
{Prag} = 5 Re \ [HIT ds: (17) 
(Pane aie 5 WV dnt (18) 


{Pyaq} is the power radiated through the surface S, averaged over the cycle; when [Pre ge 
>0, the energy flows out of the volume V; {Px} is the kinetic power of the N-ray beam, 
averaged over the cycle; Vj, = (m/e)vgnV, is the kinetic potential of beam number n. 

It is clear from relations (15) and (16) that {P,} = {Pe}, where {Pe} is the electronic 
power of the interaction between the beam and the field, averaged over the cycle and given by 
the equation 


4 nears 
(P.) = 5 Re|7* Eav. (19) 
Vv 


Let us modify somewhat _the expression (18) for kinetic power. Let Sq be the section 
of the electron beam, and let j, and Vin have the form 


In = (2, Y) In (2) 20, Vin =P (2, y) Vien (2), 
where ¥ (x,y) is a function characterizing the distribution of the current density and of the 
kinetic potential over the section of the beam. 
Let us examine the portion of the electron beam contained between the planes z = 0 and 
z= 1, The surface is made up of the sum Sj + Sy + Sg, where Sj and Sg are the end surfaces 


and Sp the side surface of the cylindrical electron beam. Integrating in (19) over the surface 
S, we obtain 


N N 
(Px} = 5 Re [ SFn(l) Ven (2) — S12 (0) Van (0)] (20) 
n=1 n=1 


where /,(/) =Sj(l); S= (y dx dy; jn(0), Vim(0), 7n(4), Vem (t) ave the values of j, and Vien in 
8, \ 
the initial and final sections of the electron beam. The next task is to calculate the value of 
{Pe} = {P_} for different waves in the electron beams and to determine the conditions under 
which {Px} < 0. 
2. WAVES IN ELECTRON BEAM AND THE KINETIC POWER THEOREM 

Let us apply the kinetic-power theorem to waves in an electron beam. It is known (see 
for example, [11]) that in an electron beam having an average velocity vg and a charge density 
Po, there can propagate at a frequency uw in the linear approximation, two waves with propa- 
gation constants 81 and f2 ees 

1 == Pe Pps >) 


(24 
Bo = Be = Bes (22) 
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where 


x oO @, 9 
Bers Poe =3 OF = ae 


0 % MEd 
‘These waves have phase velocities 
ay 
var BY" >a es 
and 
VA) Agia 0) oe» 24 
ph2 of I o O° ( ) 


Thus, 8, corresponds to the fast wave in the beam while Bo to the slow one. 
The expressions for the field intensity E, the current density j, and the electron velo- 
city v have the following form 


E=(E, ee ene eee) one, (25) 
J = — 108) (Eye? + E, ee) iad (26) 
v = e(miw,)? (E,e"* — EB, _**) ¢ e?_ (27) 


It follows from (25) — (27) that E, j, and v are superpositions of two waves with propa- 
gation constants Bj and 82. The amplitudes of the waves of field intensities E, and E9 are 
determined by the initial conditions, that is, by the values of v(0) and j(0) at the input to the 
system. 

Actually, putting z = 0 in (26) and (27), we get 


] (0) = — te (Fy, + E), (2 
» (0) = ¢ (mig) (Ey — Es). (25) 


Solving (28) and (29) with respect to E, and Eg, we get 


Ey=5 [- j (0) (i@80)? + = toy v (0) | (°0) 


E,= + [-- j (0) (é@e)! — = twp v (0). (31) 


j(0) and v(0) are complex quantities, which depend on the method used to modulate the beam 
at the section z = 0. In the general case E; 7 Eg. 
Introducint the kinetic potential V}{2) = mvov/e and using (27), we get 


Vile) = Byte (Eee Ee), (32) 
For the convection current in the cross section Sg we obtain the expression 


[=S,j =— toe,S,6 °° (Bie + Bae ”"). (33) 


Let us find the equivalent impedance Z of the electron beam at the cross section z: 


V. E IB pz E —iB pz 
Z = i = 0 Z ae z? (34) 
Eye ? + Boe? 
where : 
Z)= (Bp @ E ig): (35) 


Formula (34) is equivalent to the expression for the impedance of a two-conductor line 
with wave impedance Z0 and propagation constant B,. If the conditions for the excitation of 
the electron beam at the cross section z = 0 are such that Eg = 0, we find from (34) that Z = 
=Z0>0. Thus, the current and the electron velocity are in phase in the fast wave. 

For the case Ej = 0 and Eo # 0, when only the slow wave is excited in the beam, we 
have Z =-Zog <0. The current and the electron velocity are in phase opposition in the slow 
wave. 

Let us calculate the power, averaged over the cycle, of the interaction between the 


609 


the current and the kinetic potential V_ at the cross section Z: 
(B) = 4 Rel'V, = + Re ZI’ = (Rel Re Vy). 


Putting in lieu of Re/J and ReV, the expressions Re [ = 5,(p,Reo- to Rep), where Sq is the 
cross section of the beam, and ReV, =™*Rev,, we obtain 


(Py = “2% [p, ((Re d)*) + r{Rep Re ?}}. (36) 


It follows from (36) that the average value of the kinetic-power flux in the wave { > } consists 
of two terms. One is positive and proportional to {(Re v)“}, and is connected with the kinetic _ 
energy of the electrons in the given cross section, while the second is proportional to{(Re p Rev} 
and can be either positive or negative. Let {Rep Rev} <0. Then two cases are possible: 

1) Rep >0, Rev <0, 2) Rep <0, Rev>O . In the first case the increase in concentra- 
tion of particles above the average level is accompanied by a reduction in particle velocity. In 
the second case the reduction in charge-particle concentration is accompanied by an increase 
in their velocity. Consequently, when (Rep Rev} <0 the wave contains on the average more 


slow electrons than fast ones. By analogous reasons we can show that when {Rep Rev} >0 
the wave has on the average more fast electrons than slow ones. 
_ Let us return to expression (36). We consider the case {P}<0 . With this, 

{Re p Rev} < — a ((Rev)?} <0 and consequently the wave has an excess of slow electrons and a 
shortage of fast ones. To the contrary, if {Re p Rev} > 0,which corresponds to an excess of 
fast electrons, we have {P}>0, as follows from (36). We note that the condition {Re p Re v} > 0 
is not necessary to obtain {P}> 0, in view of the presence of a term proportional to {(Rev)?} . 
This, however, is unessential for our qualitative argument, since usually the inequality 
o, (Re v)?} <{Re pRev} is satisfied. That this inequality, holds for space-charge waves can 
be readily verified by using the expression for P = are , and also formulas (26) and (27). 

Our arguments concern beams of positively charged particles. The conclusions remain 
the same for electron beams, since the negative sign of the electron charge leads to the 
need for simultaneous reversal of the signe of J and V,,. 


Substituting (32) and (33) in (36), we obtain 


(P} = (22,85) 1 (By Ep— Be ES) (37) 


The average power of interaction between the current I and the kinetic potential Vi; 
is thus the sum of the power fluxes produced by the fast and slow waves. The fast wave 
carries a positive power 


(Pike 2,66) 2nbn oO: 
(38) 


This is due to the excess electron kinetic energy, that is, to the fast electrons. The slow 
wave carries a negative power 


{P.) = —(2Z, 85), Ey Es < 0: (39) 


The physical meaning of this inequality is that slow electrons predominate in the slow waves. 
In the general case {P,} + {P;} , since E, # Eg [see expressions (30) and (31)] . We note that 
the kinetic power of {P} of the electron beam must not be confused with the electromagnetic 
power {Pe} of the field in the beam. The value of {Pem}is given by the expression 

{Pom} == ReV/* , where /. is the electron current in the beam and V is the high frequency 
potential, connected with the longitudinal field E, by the relation 4,= —oV/dz. Reference 
[31] gives for space-charge waves in an electron beam the relation {Pen} /{P} = Op / 0, 
where w and Wp are the operating frequency and the plasma frequency respectively; the 

plus and minus sign correspond to the fast and slow waves. Usually o,<wo; thus, the 
electromagnetic-field power in the space-charge wave is much lower than the kinetic 

power. The energy exchange between the beam and the resonator or else between the beam 
and the slow-wave system is due to the change in the kinetic power. The fact that the electron 
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beam has a finite cross section with area Sq was introduced formally above; the problem was 
essentially regarded as one-dimensional. A correct account of the finite cross section of the 
electron beam is found in references [32 — 34], where it is shown that if an electron beam of 
radius a passes along the axis of a waveguide of radius b (a <b), it is necessary to replace 
By in the formulas of the linear theory (for example (25) — (27)) by Bot(Bea,a/b). Plots of 
bee function Bot/R, =Vef/ up are listed in [33,34]. 

The fact that the beam has a finite cross section and the presence of the waveguide lead 
to a reduction in the effective plasma frequency. 


3. THE KINETIC POWER THEOREM AS APPLIED TO THE 
PROBLEM OF RESONATOR EXCITATION 


Let us apply the kinetic power theorem to the following problem. An electron beam 
passes through a cavity (see Fig 2) in which the electric field varies as ior . 

The current density on the electron velocity at the entrance to the cavity is known, 
with values) = /(0)e and 7+ v(0)c. The corresponding 
values at the exit from the cavity are /) + /(@) ec! and 
% + v(@ je, where y= d/%; d is the length of the 
interaction space in the cavity. Let the surface S en- 
compass the cavity. The kinetic power theorem then assumes 


the form 
(Prad) + {P (p)} — (P (0)} = 0, (40) 
where {Praa} is the radiated power averaged over the cycle; 
{P (,)}\ and {P(0)} are the kinetic power fluxes, averaged 
(2,390 over the cycle, through the entrance and exit sections of 
Fad the cavity, and on the bagis of (37) we have 
Figure 2. A toroidal type (P (0)} = (22,85) (21 (0) Es (0) — Es (0) F2(0)], (41) 
cavity is traversed by an 5 — (2%, 2) 2B E} (@») — E> (@) E3()]s 
electron beam. K — cath- LPXGM = (22 9Rn) LE ae) Yak Ge) eee (a2) 
ode, A— Collector; the where E (0) and E9(0) are the amplitudes of the fast and 
surface S encloses the cavi- slow waves in the beam at the cross section z = 0; Ey @p) 
ty,the input section corres- and Eg(¢9) are the amplitudes of the same waves at the 
ponds to z = 0, while the out- section z = d (the asterisk denotes the complex conjugate); 
put section corresponds to z = Zo is the impedance of the beam; 8, = @)/%. In accord- 
=d. If energy is radiated ance with (30) and (31) we have 
out of the cavity, then {Pyaq} > 
>0 : -, 
: ae n 0 : 
E,(0) = 4(—E2 + 2 oO) iy), (43) 
‘5 1 (0 12 
FO) tae, a) OD (44) 


LE, (Qo) = 5) (— ise e - P (y) ip) (45) 


1 T (Qo) m ae 46 

9 ( ca “e v (Po) iWp) : ( ) 
It follows from (41) — (46) that the kinetic power flux in the electron beam is in general 

different from 0, since E1(0) = Ey (0) and £,(q,) = E;(@,) only if the parameters of the prob- 


lem are especially chosen. 
Comparing (40) with the equation of energy conservation 


{Prag} + {Pe} = 9, (47) 


we obtain , y 
{P (@o)} — {P (0)} = {Pe}, (48) 


that is, the change in the kinetic power flux due to the passage of the electrons through the 


cavity is equal to the average electron power of interaction between the beam and the field 
EP ide which was calculated earlier (see, for example [32, 35, 36]). 


611 


Let us examine several particular cases. 
1) {P.} <0; the electron beam transfers power to the cavity; CP a. > 0, the electro- 
magnetic energy is radiated from the cavity. On the basis of (41), (42). and (48) we have 


Ey (@g) Ex (Go) — Ex (0) Ey (0) < Es (@q) E2 (Po) — #2 (9) E3(0), (49) 


that is, the passage through the cavity causes the amplitude of the slow wave, which carries 
negative power, to grow more intensely than the amplitude of the fast wave. In other words, 
the content of the slow wave in the beam has increased after passage through the cavity. 

2) eee 08 {Praa! = 0; no electromagnetic energy is radiated from the cavity. With 
the aid of (41), (42), and (48) we obtain 


Ey (@») Ei (@q) — Ex (0) Ey (0) = La (@p) £2 (Po) — Ha (0) B3 (0), (50) 


that is, the energies of the fast and slow waves experience equal changes as a result of passage 
through the cavity. 

3) {Pe}>0; the electron beam takes power. from the cavity; {Pygq} <0, the power 
should be pumped into the cavity from the external source. On the basis of (41), 42), and 
(48) we obtain ' 


Ey (9) Ex (@q) — Ex (0) HE} (0) > Ea (Po) Ea (@.) — Ee (0) 3 (0), (51) 


that is, the energy of the fast wave increases more strongly than the energy of the slow wave. 
As a result of passage through the cavity, the content of the fast wave has increased in the 
beam, and consequently the contents of the slow one has decreased. 

Thus, the kinetic power theorem makes it possible to estimate in the general case the 
change in the amplitudes of the fast and slow waves in the beam resulting from the passage 
through the cavity. 

Assume that waves of frequency w are excited in the beam by shot fluctuations. We 
shall henceforth call these waves, for brevity, noise waves. 

From the foregoing argument it follows that passage of an electron beam through the 
cavity enables us to reduce the amplitude of the fast noise wave but not to reduce the amplitude 
of a slow noise wave. 


4, ENERGY FLOWIN A DOUBLE CAVITY KLYSTRON AMPLIFIER 


The flow of energy in a double-cavity klystron amplifier is considered in reference [10]. 
The construction of a double-cavity klystron amplifier is shown in Figure 3a. The electron 
beam produced by the cathode K is accelerated to a potential Vo = mv¢/2e and then passes 
through the interaction spaces of cavities I andII. The length of the interaction space of the 
two cavities is regarded as small, so that passage through the interaction spaces of the 


cavities results in a jump in the electron velocity, while the current density remains the 
same on both sides of the cavity. 


I wif JE/ ar 
Adda S. 2?) /EL=1E/ a 
(eae! St. a 

—-l4------- +r---- 

(p oF b) “ 
am 
Peg Se 

d) 


Figure 3. Flow of energy in a two-cavity klystron amplirier for the case {P,)}<0, {Prag} >'0 
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PHBH Ee queney, power is fed to cavity I through a coaxial cable and induces in the cavity 
a voltage Vye" , where Vj is the voltage amplitude and w is the angular frequency. This 
yoltage velocity modulates the beam. The initial velocity-modulation amplitude is »(0) eé' = 
=5 Vo aV ie 3 and the initial current velocity is neglected, so that j (0) =0. Applying to 
the klystron drift space the formulas (30) and (31), we obtain 


E, = —E,=5 0(0)iap. (52) 


Using (41), (42), as well as (52), we reach the conclusion that the kinetic power flux in the 
drift space is zero. This is due to the fact that velocity-modulation of the beam in its pure 
form entails no power loss over the cycle: the electron velocity increases during the accelera- 
ting signal-voltage half-cycles and decreases during the retarding half-cycles. 

Using (25) — (27) and (52), we obtain the following expressions for v(z,t) and j(z,t) in 
the drift space: 


v(z, t) = 0(0) cos By ze! Fe 2), (93) 

: ON pO Oe Ob Bie 3 

Le eat args lors sin By zetlot— Bez) (54) 
From (53) and (54) it follows that in the linear theory the current and the velocity in the drift 
space are out of phase by 7/2. Putting z= 1 in these formulas we obtain the values for the 
velocity and electron current density at the entrance to cavity II. Let the voltage on cavity 
II vary as V,¢: («+ t)where V, is the voltage amplitude and yx is the phase shift of the oscil- 
lations in cavity I relative to those in cavity I. 

The electron power of interaction between the beam and the field is given by 


{Pe} = Sp Re j*(L)Voe%, (55) 


where So is the cross-sectional area of the beam. 

In this case, if {P.}<0 , the electrons are slowed down on the average and the ampli- 
tude of the slow wave builds up, while that of the fast wave decreases. On the other hand, if 
{P.} >0, , the electrons are accelerated on the average and passage through cavity II brings 
about an increase in the amplitude of the fast wave, while that of the slow wave decreases. 

The change in the amplitudes of the fast and slow waves in the electron beam can be 
illustrated graphically (see Figures 3 and 4). Figtire 3 shows the case when {P,} <0, the 
energy is radiated from the second cavity, and {Payai > 0. Figure 3b shows the behavior 
of the amplitudes of the fast and slow waves as functions of the coordinate z. When z < 0, 
there are no waves in the beam to the left of the modulating cavity and E, = Ey = 0. 

Fast and slow waves are excited in the drift space 
0<z< 1, with amplitudes £i| = |Z,| . Beyond the re- 
ceiving cavity z > /, the amplitude of the slow wave in- 
creases while that of the fast wave decreases, so we 
have |Z.| > |Z:| beyond the cavity. 

Figure 3c shows the kinetic power fluxes for the 
fast and slow waves, connected with the amplitudes of 
these waves by the relations {?P,} = (2Z,8%) ' E, E, >0, 
(P,} = —(2Z,)82,) | E,E,<0 , where Zo is the beam impe- 
dance; 7, — (5,we,Bp) 1; Bp = Op/% «TO the left of the 
modulating cavity we have ;<0({P,} = (P,}=0, when 
z <0. In the drift space 0<z<j) we have {P,} = — 
{P,} and after passage through the receiving cavity, 
where z >/ , we have {P,}|<| {P2}|. The total flux 
of kinetic power through a certain cross section z = 


const is equal to the sum of the fluxes carried by the Figure 4. Flow of energy in a two- 
fast and slow waves:(P,,} = {P,} + {P2}.This is shown cavity klystron amplifier for the 
in Figure 3d. In the drift space 0 <z<., the total case {Ps} < 0, {Prag} >>. 


flux of kinetic power is 0. Beyond the receiving cavity, «P,} <—{P,}, and therefore {Py} = 
eS (P,} + {P,} <0 . The electronic power of interaction between the beam and the field in 
the receiving cavity, {Pe}, is, in accordance with (40), equal to the change in the total flux 
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of kinetic power {P},} due to the passage of the electrons through cavity Il. Recognizing 
that; P,,} —\) to the left of cavity II, we reach the conclusion that {/-} = {Px} <0 eh 

The plots in Figure 3 confirm the following conclusion. If the cavity is excited by an 
electron beam, the amplitude of the slow wave increases beyond the cavity, and the ampli- 
tude of the fast wave decreases. 

Consequently, a passive cavity in the path of the beam supresses the fast wave, but 
cannot suppress the slow wave. 

Figure 4 shows the behavior of fast and slow waves and the related power fluxes for 
the case when {P.} >0, that is, the field of the second cavity performs positive work on 
the beam: {P,.aq} <0, {P.} > 0, the total flux of kinetic power beyond the cavity is 
{P,.} = {Pe} > 0, and the fast-wave amplitude increases beyond the receiving cavity while 
the slow-wave amplitude decreases. 


5. THE KINETIC POWER THEOREM AS APPLIED TO TWT 


Let us examine the processes that take place.in a traveling wave tube [32, 35, 36]. 

The physical picture of the processes can be well illustrated with the aid of the wave- 
guide model. 

Let us examine a cylindrical waveguide of rectangular cross section with sides a and b; 
the axes, x, y, and z are directed as shown in Figure 5. The waveguide walls are assumed 
perfectly conducting. The waveguide is filled with a dielectric having permittivity « = soe’, 
wheres’ > 1; & = 8.86: 10>!" farad/ meter. 

The dielectric reduces the phase velocity of the electromagnetic wave 
to a value vyng << c, wherec=3- 108 m/sec. 

Let an electron beam with average current density jg and average ve- 
locity » = Uphi Pass through the waveguide. 

It is known [37] that such a system can maintain waves of the form 


eol—'2)) where w is the angular frequency, assumed henceforth to be 2 
known; 6 is the propagation constant, determined by the dispersion equa- Jo% yi 
tion 
Figure 5. Waveguide 
yi (3) = Yo (8); {56) model of traveling 
' wave tube. 
yy (8) “7 ae ) (57) 
; Soe f, 
Yo (8) == 1 (@ — Be, yp (58) 
na? \ Rat \= . = . 2 os AU) ys 
SS ee ee 


Figures 6a, b, c show the course of the curves y,(8) and y9(B) for three cases with 
different values ofwy. On going from Figure 6a to Figure 6b and Figure 6c, Wg increases 
and we are considering the case k > 8, > Ky, which is of practical interest. In Figure 6a 
all the values of 8 are real, the values of 8; and $4 being close to those for waveguide modes 
in the absence of the electron beam, while fp and &s are close to the values of the slow and 
fast waves in the electron beam. In Figure 6b, the roots By and Bo, coalesce, that is, the 
wave of the system and the slow wave of the electron beam become synchronized. Fig. 6c 
shows a case when the roots Ry and 82 become complex, so that fi = y + ia, iy Sy EE? 
where 2>0, y>0. 

We note that an analogous effect, wherein complex-conjugate solutions appear, can be 
obtained by varying B, for fixed wo, that is, by varying the average velocity of the electron 
beam. : 

Reasoning that the solution has the form ef Cb we conclude that the wave 8, increases as 
e while the wave 62 attenuates as e~“Z. The phase velocities of these waves are determined 
by the value of y. As shown by calculations, y is equai to the values Ry = By in the case shown 
in Figure 6b. Thus, exponentially growing and attenuating solutions appear as a result of 
interaction between the decelerating-system wave and the slow wave component of the electron 
beam. In the region where the waves vary exponentially, they are synchronized in velocity. 


The fast wave of the beam, whose propagation constant is B3 < Be, does not give rise to 
expanding solutions . 
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It will be shown later that the wave Bo, which is slow relative to the electron beam, 
is characterized by a negative flux of kinetic power, while the wave 63, which propagates 
more rapidly than the beam, carries positive kinetic power. These waves behave with re- 
spect to power transfer as the slow and fast waves in a one-dimensional electron beam. 
The complete expression for the field is given in each of the three cases considered 
above, Figures 6a, b, and c, by a superposition of four waves 
YP) ee Pe ae 
Ib — ae : (59) 
where , is determined by the dispersion re- 
lation (56), while the amplitudes of the waves 
E depend on the boundary conditions at the 
entrance and exit to the tube. If the output of 
the traveling wave tube is well matched, the 
backward wave whose wave number is By, 
practically vanishes (E4 = 0) and the field can 
be represented as a sum of three waves with 
propagation constants 61, Bo. and Bs. 

The expressions for the velocity of the 
electrons and for the current density can be 
represented as a sum of the three waves 81, 
B2, and Bs. 


4 a 
Wes, UO Ge Ore 
=| 


7 


(60) 
ylp) 


(61) 
and in the linear theory we have [11, 35] 


e En 
ee aE (62) 
Une (i= Sr) 


o2E,, 


(O — By, &% ? 


(ble = 
n= 


Tn == — lwe (63) 

We note that as wg is increased, Bg goes 
Ahrough zero and becomes negative; it then be- 
comes possible to synchronize the wave num- 
bers Bg and B4, which again leads to the appear 
ance of waves that attenuate and rise exponen- 
tially in the z direction. 

It will be shown later, however, that these 
solutions are characterized by {Px} > 0, that 
is, they do not lead to radiation of electromag - 
netic energy from the system. 

Let us apply the kinetic-power theorem to 
traveling wave tubes. The greatest interest 
attaches to exponentially rising waves, which 
determine the values of the field and the ener- 
gy effects at considerable distances from the 
input to the system. 


? 


Figure 6. Curves of yy; (f) and yg @) for 
three cases: 

a) — all three values of 8 real; b — roots 
By and Bg coincide; c — roots 8, and Bp 


are complex-conjugate. 
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Let us enclose the electron beam traveling through the slow-wave system in a closed 
surface S, which contains a volume V, and let S =S; + Sg + Sg, where Sj and Sp are the 
sections of the waveguide in the planes z= 0andz=/ , and Sg is the lateral surface of 
the waveguide. Let us assume that the thermal losses in the volume V are equal to zero. 
We recall that the kinetic-power theorem can be formulated in this case in the following 
fashion: 


{Prad} ~~ {Py} = 0, 


where {P,,q} is the average power radiated through the surface S, and {Px} is the average 
kinetic power. 

In the present case, assuming the surface Sg to be perfectly conducting, we have 

(Prag) = 5 Re | (HH ].dS — 5 Re | (HH"].d5, (64) 
ss ~ 

that is, {Pyaq} is determined by the difference in the radiation power at the output and input 
of the waveguide. 

In the present case, where the electron trajectories are straight, the expression for 
{Pk} is [see formula (20)] 


(Py) =F Ro [lV (2) — FO) Vx: (09), | (65) 


where EO} AO) LO AVRO) are the values of the convection current and the kinetic 
potential at the sections z =0andz=!/ , corresponding to the input and output of the 
traveling wave tube. 

Let us calculate {Px}. In the general case, the values of /, and VK in the TWT are 
each a sum of three waves. Using (60) — (63) anicarrying out simple algebraic transforma- 
tions, we obtain 


4 4 j 
oy Re T (z) Vie (z) a =z Re > > A nn’ (z), (66) 
n=l WSL 
where EE a . 
ees 8, nn! (1 a) Bi (5 a) si 
Z8¢ 2 Pe 
a Beane 8 \ B 
% a r -l. ? F “n “n mn 
Zo = (WE3p So) > Be= %? ¢ (1 wm) (1 3. / (1 B, ), 


By are the roots of the dispersion equation, corresponding to the direct waves. 
To analyze (66), let us examine several cases. 
1) All By are real and there are no increasing solutions. 


ayn =n" 
1/2 Re Ann! is a periodic function of z, varying with a period 2m (Bn — Bn’) ?. 
b)n =n! 
1 1 HAL, B 8 
— Re Alec n_ ip n 
te 2 Zy Be a B. ( a)» 


8, . By e f Bn : 
a=(1— 4") (19°) =(1-#) > 0. 

Thus, 1/2 Re App is independent of the coordinate z. When Bn < Be, which corresponds 
to fast electron waves, we have w < vn, and 1/2 Re A. > 0, that is, the kinetic - power flux 
of this wave is vositive. On the other hand, if By > Bo. corresponding to slow electron waves, 
we have v >Vn, os Re Ann<.0 , that is, the kinetic power flux of this wave is negative. 

We note, however, that az Ke Ann = 0 , and consequently these waves drop out when 
the kinetic-power theorem is used. 

7, fon) ehatsk Ro are complex-conjugate quantities whiie Bg is real. Let B,=y7-+ia, B,= 

y—ia where y = 0 and%>0; 8 =y—~ia. 

Substituting these values for B in the right half of (66) we see that terms proportional to 
e°a7, e%?, 1,e~%7, e—®22 appear in the calculation of —Rel(z) V,(z) For sufficiently large z=1, 
such that e?!351 , the term with largest value is“1/2 Re Aj1, which is proportional toe 
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In this case 


ah = 2)\71 Bp Ee f i al i — ot 
x Rel (1) V(t) = (22082) > (1 Be Jee (1 + O(e-*)], (67) (67) 
BR. . 2 2 , 
where a= (1 3. } (1 z >0; O(e-*') are the residual terms of order ¢~*!<1. 
a) Re Bi = 7 >. 


In the investigation of the dispersion equation for the TWT we have seen that the slow 
electron wave, for which ReB,;=7> 8. , increased exponentially, and consequently we have 
= Re I*V,.<0 for this wave. Recognizing that the value of P (0) can be neglected when 
exp al>>1, compared with c P(/), we write the expression for the average kinetic power 
{Pk} in the form 


E,E 


a 


(Pa) = (22082)? 3 —F> (1 — gt) emt (1 + O (eat), 


e 


(68) 


Thus, the slow electron wave ina TWT, with an exponentially increasing amplitude, 
transfers negative kinetic power {P;} < 0 through the surface S. It follows from the kinetic- 
power theorem that in this case {Praq} > 0 is accompanied by an exponential rise in the 
kinetic power {Px} < 0, connected with the slow electron wave Un1< Yo, ¥ > Be and conse- 
quently with the slow electrons. The rise in the amplitude of the slow wave with increasing 
z denotes that the electrons are retarded more and more as they propagate along the z-axis . 
This is the reason for the frequently made statement that the slow electron wave is amplified 
in the TWT. 

Figure 7 shows a plot of 1/2 ReAj,(z) [see formula (66)] for the slow electron wave. 

b) Re Bi = 7 <Be, {Px} >0. In this case the fast electron wave carries positive kinetic 
power. The kinetic-power theorem leads to the conclusion that {Pyaq} <0, that is, the 
system absorbs power and the slow-wave system is not excited by the electron beam. 
Consequently the rapid growing waves with 7, >%, 7y<~e,a>>0, which appear, for example, 
in some cases in the solution of the dispersion equation for the TWT . have no physical 
meanings, since they do not lead to the appearance of radiation of electromagnetic waves. 
These fast waves, which increase with the coordinate, have a physical meaning in the case 
when the system contains additional power sources, 
characterized with a flux which is negative when” : 
averaged over the time. Such a situation arises in we 
parametric excitation of the electron beam, when the 
power is supplied to the electron beam by a pumping 
source with frequency Wy, with wy f= ah 

We have confined ourselves above to an exam- 
ination of only the principal term, proportional to 
et . in the expression = Re I*V,, for the power, 
given by (66). 

An estimate of the terms of order e*!, in 
this expression discloses that they are periodic func- 
tions of z with period 2n(7y—8;)7?. The signs of these 
terms vary, depending on the values of the argument 
(y—8s)z , and also on the ratio of the quantities y, 
Be, and 83. An account of these terms complicates 
the picture of the enrgy flow in the TWT, but is 
obligatory if processes occurring close to the input to 
the TWT are investigated. Many terms in (66) are independent of the coordinate z. These 
terms drop out of the kinetic theorem when the difference between the power fluxes at the 
section z = 0 and z =/ is evaluated. 

The expression (66) includes also exponentially damped terms, proportional to ¢~*' 
and e-2«l , which can be neglected when a/>3 ; these terms must be takin into account if 


Re Ann 


/ 
zReAy( 2) 


Figure 7. Value of Re Aj 1(z) for a slow 
electron wave 
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processes near the input to the TWT are considered. 
Terms of order ,—«: are periodic functions of z with period 2n(y—8;)1 . The 
term proportional to ¢—2: is aperiodic. 


6. KINETIC POWER THEOREM AND THE TWO-BEAM TUBE 


Let us apply the kinetic power theorem to the theory of a two-beam tube. To be 
specific, we consider the waveguide model of the two-beam tube. Let two electron beams 
with average electron velocities 7, and %»2, and current densities jo and joz2, intermixed 
over the cross section, flow through a cylindrical waveguide filled with a dielectric. For 
the sake of being definite, the waveguide section will be assumed rectangular with sides a 
and b. We assume that the electrons can move only along the z-axis and the small-amplitude 
theory is valid. We assume the expressions for the ac components of the current, velocity, 
and charge density to be proportional to ei(o'—s:)._ The greatest interest in attached to the 
case of waveguide beyond cutoff, when k = oVeu<p/mm2 — /nmy2]2 

(7) al ($F) | Ae (od (en Ney se Bacs 
let, in addition, the conditionk <Bee< Bu, K<X<Bes = 0/V02 << Bear = 0/01 be satisfied, that is, 
oho (en) 25> 2 > Vor In this case the dispersion equation of the two-beam tube has 


. 


the form 
y (8) = 0, (69) 
where 
o2 02 
ey = pl p2 : 
y (| ) 4 (@ — Bou? (@ — Bra)’ 
Oh, = Or (1 + Kant 233 Ody = OFe (4 + Rant?) 75 


Wp1 and Wp2 are the plasma frequencies of the first and second beam, respectively; 


Pee, 4 ; 

¥ = 0/%; vy = zz (Yor - + V9). Equation (69) corresponds to a one-dimensional two-beam tube with 
plasma frequencyW)p1 and Wp. The factor (1-+A?,,7 7%) takes into account the fact that 

the waveguide cross section is finite. 


YP) 
Yip) s t 
b) 
a) Aon Fe 1 Pez fy, 


4 4 


Figure 8 


a) — Curves of y2 (8) for the case k =0V ep < he.= 2 < Bei =“. 1b) —Curves'of yo (8) 
for the case when two-beam amplification is in effect. The roots By and 63 are complex- 
conjugate. 


Figure 8 shows a graphic solution of equation (69) without (a) and with (b) amplification 

It follows from Figure 8a that four natural waves of natural amplitude can propagate 
through the system, with propagation constants B;, B9, B3 and B4. The two waves By and 
B2 are close in velocity to voy, since B1=~:~Bu = @/r, and Bi > Bei and Be < Beg, that 
is, B1 characterizes the slow wave of the slow beam, while B 9 characterizes the fast wails of 
the slow beam. The two other waves, with propagation constants B 3 and 84, are nearly equal 
to vog, and it follows from the inequality B3 > Beg and B4 < Beg that 83 characterizes the slow 
wave of the fast beam, and 84 characterizes the fast wave of the fast beam. 

Now let the beam velocity Voi approach vo9. Then B qi tends to B og and the roots 
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. By and Bg move toward each other and coalesce at a certain ratio of the parameters. At the 
instant when the roots coalesce, the fast wave of the slow beam ( Bj) is synchronized in ve- 
locity with the slow wave of the fast beam (83). A further approach to Be, to Bao causes the 
roots 62 and Bs to become complex-conjugate (see Figure 8b). Taking into account the fact 
that the solution is proportional to the factor giwi—s,)_, we conclude that the wave for which 
Im 8 < 0 is damped. 

Let us make up the energy balance of the two-beam amplifier. The expression for the 
kinetic power of the two-beam tube will be obtained by putting N = 2 in (20). The current and 
the kinetic potential in every beam are each a sum of six waves. 

We consider the case when two-beam amplification is present. Now the roots {> and 
83 are complex conjugates and can be represented in the form B= 7-+ia, 8; =~ —ia where 
y>0Oand@>0. The growing wave is characterized by the root Bo. 

Confining ourselves to the growing wave in the expression for the current and the kinetic 
potential, we can write for {Px} approximately 


{Pu} = {Pm} + (Pu), (70) 
where 
g, 82(0) B (0) (1 ge |e?! 
{Pra} = (22,82, 2 = -— (1 + 9,); (71) 
e Bo _ Be 
(1-34) (1 Ba) 
g Bz (0) B3 (0) (1-g) 
{Pua} = (22488) * B= ——arg— A + Os) (72) 


Oj and Og are remainder terms, of order e~*!<1; E,(0) is the initial value of the field of 
the growing wave. 

We have seen in the investigation of the dispersion equation of the two-beam tube that 
the two-beam interaction mechanism causes an exponential growth of the wave with wave 
number, =y+ia, y>0%>0, Bo<7y<Ba. {Pq} in (71) characterizes formally the inter- 
action between the exponentially growing wave see field with phase velocity /y anda 
slow electron beam with velocity v; = ©/8:, and it follows from the inequality 7 < Be that 
{Pi} >0. The term { Pkg} characterizes formally the interaction between the exponen- 
tially growing wave of the field, with phase velocity ©/y , anda fast electron beam with 
velocity v2 = @/B.2, and it follows from the inequality Bo<y7 , that {[Pyg}<0. Thus, under 
the approximations made (linear theory, e~*! <1) the kinetic-power flux in a two-beam tube is 
the sum of the kinetic-power fluxes due to the interaction between the slow and fast electron 
beams and the resultant exponentially growing field. Although this treatment is formal, it 
does allow us to conclude that the slow electron beam plays in the two-beam tube the role 
of an active load, leading to the loss of energy. The source of the electron power is the fast 
electron beam. Analogous conclusions were drawn by the author of [38], where the nonlinear 
mode of the two-beam tube is investigated. 

Assuming {Praq} = 0 in the beyond-cutoff waveguide of the two-beam tube under con- 
sideration, we obtain with the aid of the kinetic-power theory {Px} = 0, and consequently 
it follows from (70) that for e-*!<1 we have asymptotically § {Pmu}~—{Pe} . This 
equation can be verified by direct calculation. 

Thus, in the case under consideration, when the waveguide is beyond cutoff and two- 
beam amplification is in effect, the flow of energy in the two-beam tube is analogous to the 
flow of energy in the drift space of a two-cavity klystron. At each given cross section 
(provided ¢%'Ss1) the positive and negative power fluxes cancel each other. The coupling 
element (such as a cavity or a short helix), placed at the end of the drift space, can reduce 
the positive flow of kinetic power or increase (in absolute magnitude) the negative flow of 
kinetic power. 

The advantage of the two-beam TWT over the klystron lies in the exponential growth 
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of this positive kinetic power with tube length / , so that a large output signal can be 
obtained. At the same time, the negative kinetic-power wave, connected with the slow 
electrons remaining in the beam, even past the coupling element, rises exponentially. 


7. PARAMETRIC ELECTRON BEAMS AND THE KINETIC POWER THEOREM 


It was shown above that with the aid of special coupling elements it is possible to 
decrease the amplitude of the fast noise wave of the electron beam, but a signal in the form 
of a fast electron wave cannot be amplified in an ordinary TWT, the operation of which is 
connected with an increase in the amplitude of the slow wave. 

Parametric amplifiers have been proposed for the amplification of the fast wave. 

Assume that the electron beam receives not only the signal of frequency w, but power 
from a pumping generator, of frequencyw,,, The nonlinear effects will then give rise in 
the beam to an infinite Sequence of waves with combination frequencies MWyH+t NW, SO 
that the expressions for the charge density, electron current\density, and electron ve- 
locity can be represented in the form 


co 


Pu = >} Pm EXP IMM, t, ; (73) 
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“© . (74) 
lo-e) 
; a : 2 
= ss » Vinee CU Mee) oe 
pee (75) 
foo} 
} 1 : 
(= Di >i Pm,n Core) 
EE ooh, (76) 
2 
US pa > Vmyn Cimon tne, (77) 
m=—oo n=+1 


where Py and vy are the amplitudes of the corresponding Fourier coefficients, pertaining 
to the pumping; jmn, Omn, and vp are the amplitudes of the combination signal frequencies. 
Expressions (75) — (77) have been written under the assumption that the most important 
role is played only by the closest (higher and lower) combination frequencies so that n assumes 
only two values (n =+1). 

Using further Maxwell's equations, the equation of motion of the electrons, and the 
small amplitude condition we can arrive, in full analogy with the conclusions drawn for the 
single-frequency case in Section 1, at the following equation [29]: 


. [Emir] Vale re 
Re $l rig EEO ER \a8 =0, (78) 
where En and Hm are the electric and magnetic field intensities at the combination frequency 
MW {+ W; jm is the current density, Vm—=mxvm/e is the kinetic potential at the same com- 
bination frequency; S is the surface bounding the closed volume through which the electron beam 
passes. 

Equation (78) is equivalent to the theorem on the kinetic potential, given in Section 1, 
extended to include the case of a parametric beam. By setting wy = 0 in (78) we arrive at 
equation (20) (when N = 1, since single-beam parametric flow is considered). 

Equation (78) takes account of the possibility of radiating electromagnetic waves from 
the system not only at the fundamental frequency, m =0, but also at combination frequencies. 

The terms V. aie are connected with the power of interaction between the electrons 
and the field at the frequency MW yy Gs (Ore Mee eee) 

Assume that the positive kinetic power in the fast wave of the signal (m = 0) is com- 
pensated by the negative kinetic power at the combination frequencies (m # 0). It then 
follows from (78) that electromagnetic waves can be radiated from this volume, since 
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(Pat > 0. If the kinetic power at the combination frequencies is negative and furthermore 
its modulus increases with the coordinate z, then the fast electron wave at the signal fre- 
quency can also increase with the coordinate. The energy for the signal amplification is 
obtained in this case from the pumping energy and from the energy of the combination 
frequencies. 

It follows also from (78) that it is possible, in principle, to reduce the noise power 
at the frequency u, noise present in the slow wave of the parametric electron beam, by 
using passive coupling elements. In this case the increase in the kinetic power in the beam 
at the frequency w should be compensated by a reduction in the kinetic power at the 
combination frequencies. 

Analogous conclusions are drawn in [39], where the processes that occur in parametric 
amplifiers are explained on the basis of the energy and the laws of conservation of angular 
momentum in the electron beam. 

During the interaction between electromagnetic waves of different frequencies, noise 
power can be pumped from the combination-frequency waves to the signal wave. Conse- 
quently, to reduce the noise amplitude at the frequency w it is essential to decrease the 
amplitude of the noise wave at the neighboring combination frequencies Wy+t Ww. too 
Therefore, it is very experimentally difficult to obtain low noise with the aid of a tube 
with longitudinal interaction. As already mentioned above, greater promise of obtaining 
a low noise factor is offered by parametric tubes with transverse interaction [21 — 24]. 
These tubes make use ‘of so-called cyclotron waves in the electron beam. 

Let the cathode be placed perpendicular to a constant magnetic field of intensity Hg. 
The electrons will move in spiral trajectories around the z-axis; in the cross sections 
z = const the electrons describe circles with frequency C= eHa Uo / m, where Uo is 
the permeability of avacuum. The radius of the circle is related 3 the magnitude of the 
transverse signal. This excites in the beam a slow and fast cyclotron wave, the phase 
velocities of which are %ph= % (Fs where v, is the average velocity of the 
electron beam, w is the signal frequency, and We is the electron cyclotron frequency. 

It can be shown [26] that the fast cyclotron wave is due to the predominance of fast 
electrons; it is characterized by a positive power flux. To the contrary, the slow cyclotron 
wave is connected with predominance of the slow electrons, and carries a negative power 
flux. The total power flux through the section z = const is 0. 

Thus, the fast and slow cyclotron waves are characterized by the same power fluxes 
as the longitudinal waves in an electron beam. Consequently, the fast cyclotron wave, 
unlike the slow one, can be extracted from the electron beam with the aid of a passive 
slow-wave structure. 

In non parametric devices with transvers€ interaction (for example, in a TWT with 
transverse field), the amplitude of the slow cyclotron wave increases exponentially, and 
this is accompanied by an increase in the radiation field. The amplitude of the fast wave 
remains unchanged. 

To increase the amplitude of the fast cyclotron wave with increasing coordinates, 
pumping is resorted to with the aid of a rotating azimuthal field Eg of frequency w y= 2We.- 
This pumping is best effected with a quadrupole capacitor. The azimuthal field Eg of such 
a capacitor is proportional to the distance from the axis. It can be shown that the signal 
builds up here exponentially with increasing coordinate z. 

The elements used to couple to the electron beam in transverse-wave parametric 
tubes are usually of the capacitive type. These devices interact with the fast cyclotron wave, 
whose phase velocity tends to infinity when w ~ We, and do not interact with the slow wave. 

Reference [40] describes an experimental parametric tube with transverse field, de- 
signed for a frequency V = 4140 Mc, with a tube gain 24 db, a noise coefficient 2.5 db, and 
a bandwidth between half-power points of 67 Mc. 

_ Cavities are used as input and output devices. In tubes with capacitive or cavity inputs, 
the phase velocity of the pumping wave is infinite. The author of [41] describes a tube 
where this velocity is finite, and in addition, there is no pumping generator. The alternating 
transverse high-frequency field of double frequency, acting on the electron beam, is the 
result of motion of the beam in a periodic electrostatic field with a transverse component. 
The interaction between the circular motions of the electron in the beam and the transverse 
components of the periodic electrostatic field causes unwinding (increase in radius) of the 
electron trajectories, the same as in a quadrupole capacitor. The experimental tube has 
a beam gain coefficient of 14 db at a frequency of 3.25 gigacycles. The coupling elements 
used at the input and output of the tube were 7-section cavities with bandwidth Av~ 2%... 
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The fundamental component of the electron-beam noise is due to the random nature 
of the longitudinal displacements of the electrons, which do not interact with the transverse 


fields. Consequently, noise connected with the longitudinal motion of the electrons does not 
influence noticeable the noise properties of the devices with transverse fields. This also 
leads us to expect a lower noise factor in devices with transverse interaction. 

Reference [43] discusses possible noise sources in parametric tubes with transverse 
interaction. The main cause of noise is thermal random motion of electrons in the transverse 
cross section, induced by the fluctuating potential at the input plates. Some of these induced 
currents average out, because one can almost always find for an electron moving, say, from 
the lower to the upper plate, a "paired" electron moving from the upper plate to the lower 
one. All the factors that upset the electron balance lead to noise. These include inhomogeneity 
of the electric field between the plates, the spread in the axial velocities of the electrons in 
the beam, collisions with ions, etc. 

The theory of parametric amplifiers with transverse deflection of the beam is not yet 
complete. Thus, the existing theories do not take into account the Coulomb forces, or the 
interaction between the transverse and longitudinal displacements of the electrons; nor is 
the role of harmonics in an electron beam excited by transverse fields completely clear. 
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INTERFERENCE IMMUNITY OF TWO METHODS OF 
RECEPTION OF PULSE SIGNALS 


B.H. Mityashev 


We consider the effect of noise in the reception of pulse signals with a synchronous 
receiver with modulated input and with a quadrature receiver with modulus summation of 
channel outputs. The detection characteristics are calculated for signals with random initial 
phase and random amplitude. A receiver circuit is described, and certain experimental 
results are cited. 


INTRODUCTION 


It has recently been the practice to receive weak pulsed signals by means of a quadrature 
circuitry, which gets around the difficulties connected with realization of optimum filtering 
directly at the high frequency. In such a receiver (see, for example [1]), filtering at high 
frequency is replaced by synchronous reception in two channels with subsequent filtering at 
low frequency. In particular, in quadrature reception it is easier to realize matched filters 
that are optimal in the case of white noise [2,3]. The advantages of the receiver are particu- 
larly noticeable when the signals are of long duration or are in the form of a group of pulses 
with coherent high frequency carrier [4,5]. The voltage developed at the output of the quad- 
rature receiver is proportional to the envelope of the oscillation produced at the output of 
the corresponding high frequency matched filter . Thus, if the input to the high-frequency 
filter is an amplitude-modulated signal together with white noise having spectral density No, 
then the filter output is a signalin the form Uv,» .9(t)sin (wot +q@) and a Gaussian noise with 
a correlation coefficient of the form R(t) = p(t) cos wot and a dispersion oo? = NoAfo (Afo is 
the effective bandwidth of the filter). The envelope of the filter output voltage can be repre- 
sented as [6] 


U = VIA + Uneo (sin oF + (B (8) + Uneo (#) 608 9] » 


where A(t) and B(t) are independent Gaussian functions, with a correlation coefficient 0(T) and 
a dispersion 02. This representation of the envelope is indeed used in quadrature reception. 
The first term under the square root is formed with the aid of a synchronous detector under 
the assumption that the phase of the signal is zero, while the second is formed under the 
assumption that the phase is 77/2. 

If we introduce the notation 


U A(t) 


U 
r= i 2S ig Se cee, q Ameo (4) 


So Sih sot) cae 


then the voltage at the output of the quadrature receiver will be 


ae = 1 
z=V (at) 2 qsine)?? + (b+ V2 qcose). m) 
An exact performance of operation (1) is a complicated technical matter. We shall consider 
in this paper two different, simpler operations. 


The receiving apparatus is particularly simple if only one quadrature receiver channel 
is used. In this case it is proposed to shape the signal in the form 


=|a+V2qsine|. 
Ly Ja+) qsing | (2) 
The operation (2) describes a single-channel synchronous receiver with modulus output. 


A certain simplification in the receiver circuit is found also if the operation (1) is re- 
placed by the operation 


tg = |a+V2 qsine| +|b+V2 qeosg | (3) 
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The purpose of the present paper is to calculate the losses in interference immunity 
of reception, due to replacement of operation (1) by operations (2) and (3). We consider 
reception of signals with random initial phase, and also of signals with fluctuating amplitude. 


1. EFFECT OF NOISE IN THE RECEPTION OF PULSES BY A 
SYNCHRONOUS RECEIVER WITH MODULUS INPUT 


If the initial phase of the signal Y is a random quantity uniformly distributed in the 
interval (0, 27), then a receiver performing operation (1) is optimal. In this case the 
probability distribution density of the value of x obeys the Rayleigh-Rice law 


ope wera L(V 2 G2). (4) 


wherelo is the modified Bessel function of order zero. The maximum value of the quan- 
tity q contained in (1) — (4) is equal to the ratio of the peak value of the filtered signal to 
the effective value of the noise. In the case of a matched filter, this maximum value is 
q 7 VE/No (E is the signal energy) [2,3]. We shall henceforth take q to mean its maximum 
value. 

The quantity x1, defined by expression (2), is the modulus of the sum of a normal 
random quantity, with zero average value and unity dispersion, and a sinusoidal quantity, the 
two being taken at random. Therefore, the probability distribution density of x, is 


7/2 (x—V 2g sing)? 


» V 20 -, e . (5) 


Expression (5) can be represented in series from [7] 


Wy (%) = 


(x + @) ’ _ 
wi(n)= Feet [40 ($) fo V2 9a) + 
2D (1) ($) fox (V2 92s)1, (6) 
k=1 


where/,, is the modified Bessel function of the first kind and of the order k. 

The distribution curves w,(x1), calculated for several values of q, are shown in Figure 
1. Formula (6) was used for small values of q and x; (vV2qx1 <6), while the remaining 
data were obtained by numerical integration of equfation (5). 

The properties of the receiver necessary to detect weak signals by means of a system 
having a single threshold can be characterized by the probability of false alarm F and the 
probability of true detection D, which are equal to [3]. 


foe) 


F=\ug(2)dz, D= \ (2) de, (7) 


Xo 


where xg is the normalized value of the threshold; wy is the probability distribution density 
of the noise in the absence of a signal (q = 0). 

Figure 2 shows the operating characteristics of a detection receiver [3], showing curves 
of F vs. D for different q. The curves of Figure 2a (solid lines) are the working character- 
istics of an ideal receiver of signals with random initial phase [3]. These curves have been 
obtained on the basis of expressions (4) and (7). The operating characteristics of our single- 
channel receiver, calculated on the basis of (5), (6), and (7) for the same values of q, are 
shown in pipute 2b. Figure 3 shows the dependence of Dj on q for values of F; ranging from 
10-1 to 10-19. The curves for the optimal receiver are shown dotted. 

It is clear from Figure 1 that at low values of q the distribution w(x ;) is almost uniform. 
Therefore at large values of Dj (Dj > 0.7) we can use the approximation 
2) 


Dy~t—nn)=1— mV ee *he($) (8) 
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Figure 1. Probability distribution density of the voltage at the output of a syn- 
chronous receiver with modulus output, in the reception of signals with random 
initial phase. 
If q >3, then by using the approximation J (z) ~e?/YV2nz (z5>1), we obtain 
as V2 na) 
Die ae (9) 


In the calculation of the curves of Figure 3, the magnitude of the threshold xg in expres- 
sions (8) and (9) is determined by the specified probability of false alarm 


Fy=1—0(7), (10) 


where the probability integral is 


(Of, 


Figure 2. Working characteristics of an ideal receiver (a) and of a synchron- 
ous receiver with modulus output (b) in the reception of signals with random 
initial phase. 


626 


eA) ee 


g 0g 


Figure 3. Characteristics of detection of signals with random initial phase re- 
ceived by a synchronous receiver with modulus output. 


The data obtained indicate, as expected, that a single channel receiver has a reduced 
interference immunity. The greatest difference is observed in regions of large D. This 
is connected with the fact that the signal x; is fluctuating in character even in the absence 
of noise. It is remarkable, however, that the difference in the behavior of the curves de- 
creases with decreasing q and D. Thus, when D = Dj, =0.5 and F = Fy = 10-6 the neces- 
sary value of q in the case of single-channel synchronous reception is 1.55 times greater 
than in the case of ideal reception. When D = Dj = 0.2, this excess drops to 1.35. If 
D =D, = 0.2 and F = Fy = 10-2, the necessary increase in q amounts to 15%. It follows, 
therefore, that at small D a near-ideal reception of signals can be effected by using only one 
channel of the quadrature receiver. The probability of signal reception can be increased by 
using their recurrence. In the reception of n pulses, the probability that at least one 
signal will exceed the threshold is Dy = 1 - (1 - D)®. If D=0.2 andn=10, then D ~0.9. 
Let us consider a case where the received signal is the result of superposition of a 
very large number of signals of approximately the same intensity. In this case the quan- 
tity x has a Rayleigh distribution 
GF x 
2, 20+): 
cea a (11) 


whereg? = 02/02 is the excess of the signal dispersion over the noise dispersion at the out- 
put of the matched filter. 


D, 
10;-— 


T 


1 2 J 4 bi 6 7 8 g 09, 
Figure 4. Characteristics of detection of fluctuating signals received by a syn- 
chronous receiver with modulus output. 
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In this case xj represents the modulus of the sum of two independent quantities 
with normal distribution. Therefore, 


9 


= il 
—_ 2 (1 +42) 


x 


(12) 


(13) 


A, ea (14) 


In the case of reception with a synchronous receiver with a modulus output, the prob- 
ability of correction detection is 


Dee oe : 
| Geman : io 
The detection characteristics, calculated by formulas (10) and (15), are given in 
Figure 4. For comparison, the dotted curve shows the characteristics of an ideal receiver, 

calculated by formulas (13) and (14). At large values of D, the iosses due to substitution 
of operation (2) for operation (1) are less here than in the case of reception of signals with 
constant amplitude. The point is that the signals at the outputs of receivers are fluctuating 
even in the absence of noise. In this connection, the reception of fluctuating signals with a 
synchronous receiver having a modulus output is more promising. 


2. EFFECT OF NOISE IN THE RECEPTION OF PULSES BY 
A QUADRATURE RECEIVER WITH MODULUS SUMMATION 


Let us estimate the properties of a receiver that performs operation (3). If only 
the initial phase of the signal Mis a random quantity, then by using the usual procedure (with 
fixed ¢) to find the probability distribution density of a sum of two independent random 
quantities, and integrating the resultant expression over all possible values of ©, we obtain 
after some transformations 


Wt Oi’ ar Ge-V dalein etooso) ]? | ae : 
where oe ave) ‘ | ; | ee i : | pa a 
a = [} 2q(sin @— cos @) + 2p], i : [V 2¢ (sin ¢ — cos @) — Xo]. 
We (Ze) 
a7 in ie 


Figure 5. Probability distribution density of the voltage at the output of a quadrature re- 
ceiver with modulus summation in the reception of signals with random initial phase. 
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It is convenient to represent the integral contained in the integrand in the following form: 


2 Cas  {O(e) + Ol), a <O 
im \e dt = Ve) 0 ) | > (): 


In the absence of a signal ( q = 0) we have 


_— 
We (L_) = Va e 4@ (2) ‘ (17) 

Figure 5 shows the distribution curves w2(x2), obtained by integrating numerically 
equation (16) for q=1/¥2 and V2. The curve for q = 0 has been calculated from (17). 
The dotted curve is the Rayleigh distribution. It is clear from Figure 5 that the distri- 
bution (7) is very similar to a Rayleigh curve inform. The difference in the scales of the 
two curves is due to the nonequivalence of the normalization of the quantities xj and xg. 
The curves for q =1/V2 and V2 differ from the corresponding distribution curves of the 
envelope (4) in that they have a blunter maximum [6, 8]. 

The operating characteristics of a receiver, calculated from the data of Figure 5 
and formula (17), are shown dotted in Figure 2. A slight difference between these curves 
and the ideal curves is observed in the region of medium values of D. This difference 
decreases with increasing signal-to-noise ratio. 

In the case of a signal with fluctuating amplitude, xg is the sum of the moduli of 
two independent normal quantities, with dispersion 1 + qe Therefore the probability distri- 
bution density of xg has a form analogous to (17): 


2 

2 
V2 (Z_) = =e 4.44) ®O oy, (18) 

Vani + a) 2 Vice 
Substituting (18) in (7) we obtain 

F,=1—@ (3) ; (19) 
D,=1—0? |__*_&\ 20 
: i Vi-+ a) i 


Calculations based on (19) and (20) are very simple, since the probability integral 
has been tabulated in detail. The table lists the threshold values of qg necessary to ensure 
specified probability ratios F = F9 and D= Dg. The calculations were based on formulas 
(13) and (14) (value of qgo) or on (19) and (20) (the value of qgg). The data in the table show 
that substitution of operation (3) for operation (1) calls for a slight increase in the thresh- 
old value qg ( by 2 — 8.5%). 


o2 doo o2/Qoo do2 doo o2/Yoo Qo2 oo Qo2/Qoo 


10-1 |0,679|0,656| 1,033 |1,571) 1,524 1,030 4,706 4,620 1,020 
40-2 11,414/1,364| 1,037 |2,473) 2,376 1,041 6,820 6,934 1,045 
10-3 |4,900|}1,814] 1,048 |3,153] 2,994 1,054 8, 486 8,030 1,055 
40-4 |2,294]2,173] 1,055 |3,723} 3,505 1,064 9,908 9,292 1,066 
40-5 |2,634|2,480| 1,064 | 4,223} 3,951 1,070 41,17 10,40 1,074 
10-8 |2,935|2,754| 1,066 |4,670) 4,351 1,073 12,30 11,40 1,078 
40-7 |3,241]}3,002| 41,070 |5,083) 4,747 4,077 13,39 12,33 1,082 
40-8 |3,466|3,232| 1,073 |5,467| 5,058 1,080 14,32 13,18 1,085 


Note: Comma designates decimal point. 
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An effective means of separating weak signals from noise is to accumulate the signals 
after optimal filtering and detection. Let us find some evaluation of such receivers from 
this point of view. The main parameters characterizing the accumulation of a signal are 
a regular rise in the output voltage, due to the appearance of the output noise. These 
data are sufficient, if normal approximation of the output fluctuations can be used. The 
possibility of normal approximation of the distribution of a sum of n realizations of 
random quantities, with exponential and Rayleigh distributions, has been considered in 
sufficient detail [9]. These data can serve also as an estimate for our case, since the 
asymmetry in the distribution (5) when q = 0 is less than the exponential one, and the 
distribution (17) is very close to a Rayleigh distribution. One can, therefore, use the 
normal approximation for the distribution of a sum of n realizations of x; and x2 at least 
fOr 00; - ' 

In the case of a weak signal (q < 1), by using /) (2) ~1+7(z<1), we obtain on the 
basis of (4) and (6) the following results. For the quantity x, the increment in the statis- 
tical mean, due to the signal is Az = Vx/8 q? and the dispersion in the absence of a signal 
is(q=0) o® = (4—x)/2 . The analogous quantities for xj are 


Figure 6. Blockdiagram ofthe receiver. 1— Heterodyne, 2- in 
summing device, 3 — linear amplitude detector, 4 — match- 


ed video filter, 5 — push-pull rectifier. 


Ax, = @?/VY2n ando? = (n—2)/m. For xq we have 2, Az, =2Az, 
and ot = 20? . The increments in the statistical mean values, referred to the actual value 
of the fluctuations, are 


whe i 

mee =V iat 
— Aw, _ i 

Lea V wy 


A, = a1 : ee 


iep) m—2 


The ratios of the normalized increments are 
pane (aE Se Vee 
RPV aay HON Vee 


Two receivers used for the detection of signals ensure identical results if the incre- 
ments Aare identically normalized. Therefore, in the accumulation of a large number 
of realizations, the replacement of operation (1) by operation (2) calls for an increase in 
the threshold value q by a factor VA/A] ~1.20, while the use of operation (3) necessi- 
tates an increase of VA/Ag ~1.01 times, that is, merely 1%. The data obtained are 
valid also for a signal with fluctuating amplitude. It is merely necessary to substitute q 
for q. These data and the data in the table show that as the number of summed realizations 
decreases (from n = 100 to n = 1) the losses in the two-channel scheme with modulus 
summation increase from 1% to 2 — 8.5%. 


3. EXPERIMENTAL RESULTS 


To estimate the realizability of the relations obtained, we constructed a two-channel 
receiver in accordance with the block diagram shown in Figure 6. The input of the system 
is a signal from the output of a broadband amplifier of an ordinary radar receiver. The 
synchronous detection is effected by combining the signal with heterodyne oscillations tuned 
to the signal carrier frequency, and subsequent separation of the envelope by means of 
a linear amplitude detector. The heterodyne oscillations, separated 90° in phase, are 
fed to the receiver channels. The amplitude of these oscillations should exceed both 
the signal and the noise. The signals are fed from the outputs of the detectors to video 
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filters and then, to carry out operations (2) and (3), to push-pull rectifier elements. The 
output signal is equal to the sum of the voltages picked off the output of the push-pull 
rectifiers. 


aaa! 250 volts 
amplifier a 


output 
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N 
L at Tose Tubes 1 and 2 -- 6 Zhip 
2 Tubes 3 — 6 -- 1/2 6NIP WS 
: IS 
=: Second channel, similar to first (tubes 1 — 6) a 
bse ee | 


Figure 7. Circuit diagram of the receiver. 


Figure 7 shows the wiring diagram of the receiver whose block diagram is shown in Figure 6. 
for reception of rectangular pulses whose initial phases are random and independent of each 
other. The operation of the receiver in the absence of noise is illustrated by the oscil- 
lograms of Figure 8. The oscillograms and the corresponding points on the wiring and 
block diagrams are denoted by identical letters. 

In the circuit of Figure 7, the signal and the heterodyne oscillations are combined 
in two pentodes, 1 and 2, which have a common load. The output of the amplitude detec- 
tor is a sequence of rectangular pulses whose amplitudes and polarities are random (Fig- 
ure 8a). Part of the circuitry associated with tubes 3 and 4 serves as a matched video 
filter for the rectangular signal pulse. The signal is delayed here by its own duration, 
is subtracted from the undelayed signal, and the resultant difference ( Figure 8b) is 
integrated (Figure 8c). It is well known [10,11] that the frequency characteristic of 
such a circuit has the form K(f) = sin Tf T./™fTg, which coincides with the spectrum of 
a rectangular pulse of duration Tg. All the pulses assume the same polarity at the 
output of the push-pull rectifier (tube 5 and germanium diodes DGTs-7) (see Figure 8d). 

The channel terminates in a cathode follower (tube 6), thereby completing operation (2). 
The same processes take place also in the secondghannel. Inasmuch as the heterodyne 
voltage is applied to this channel with a phase shift of 90°, triangular pulses are obtained 
at the output of the circuit after summation; these pulses have slight amplitude fluctuations 
(Figure 8e). The presence of these fluctuations is indeed the result of replacement of 
operation (1) by operation (3). 

The operation of the receiver in the presence of noise (q ~3) is illustrated by the os- 
cillograms of Figure 9. The oscillogram of Figure 9d illustrates the character of the 
distribution (5), while that of Figure 9e illustrates the distribution (16), The signal 
pulses used in the experiments were of 10 microsecond duration, the front duration was 
1 microsecond, and the repetition rate was 2.5 milliseconds. The carrier (if) was 
30 Mc, and the bandwidth of the if amplifier 1.5 Mc, sufficient to avoid noticeable signal 
distortion. 

If signals of different wave form or duration are received, principal changes must be 
made in the parts of the circuitry involving tubes 3 and 4. These should be replaced by 
a video filter matched to the signal of the specified waveform. An increase in signal 
duration calls for an increase in the heterodyne frequency stability, a factor which is 
particularly important if groups of pulses with a coherent high-frequency carrier is to 
be received [5]. The permissible frequency deviation between the signal and the heterodyne 
should tentatively satisfy the condition Af, < 0.3/Tge (Tse is the total duration of the 
coherent part of the signal.) 

It was found during the experiments that it is difficult to ensure in a sensitive re- 
ceiver an exact 90° phase shift between the heterodyne oscillations fed to the channels, 
since the heterodyne voltage had to pass through the first common stages of the receiver. 
The heterodyne and the power-supply filters must be carefully shielded. A single -channel 
system performing operation (2) needs no such heterodyne shielding. ' 
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Figure 9. 


Voltage oscillograms in receiver in the presence of noise. 
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It is important that the pulses at the receiver output (Figures 8d and 8e) fluc- 
tuate only in magnitude and that their form remains constant. Consequently, the two 
receivers make it possible to determine the time position of pulses of relatively large 
curation. 


CONCLUSION 


A quadrature receiver with modulus summation ensures a reception which is very 
close to optimal. Repeated signals with random initial phase, as well as signals with 
random amplitude and phase, can be received with low loss by a synchronous receiver 
with modulus output. This receiver is exceedingly simple to realize: all that needs to 
be done is to apply to the input of the amplitude detector of an ordinary broadband receiver, 
in addition to the signal, oscillations from a stable heterodyne, tuned to the intermediate 
frequency, and to carry out the necessary filtering and accumulation past the detector. 
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SUPPLY OF SPARE PARTS FOR ELECTRONIC CIRCUITS 
ON THE BASIS OF THE LOAD 


G.V. Druzhinin 


We consider the possibility and advisability of using one of the practical methods of 
increasing the reliability of electronic circuits by using spare (redundant) elements. 


INTRODUCTION 


The increasing complexity of electronic circuits, that is, the increasing number 
of elements used in such circuits (capacitors, resistors, vacuum tubes, etc.) has 
by now far overtaken the improvement in quality of these elements. The problem of 
increasing reliability of electronic circuits by using spare (redundant) elements has 
therefore become of prime importance. In the overwhelming majority of published papers, 
abstract mathematical models of circuits equipped with spare elements are considered. 
Here, as correctly noted in [1], the practical realization of systems provided with spare 
parts entails many difficulties, not discussed in the published papers. In particular, prac- 
tical methods of providing spares for individual circuit elements have been but little 
developed. What papers exist [2 —5] are few in number and cover only a small part of the 
problem. Yet the development of practical methods of providing spare elements is the 
next problem to be solved if highly reliable systems provided with spare elements are 
to be produced. Provision of spare elements is a relatively easy matter but one can hardly 
expect a rapid practical realization of basic principles concerning reliable logical structure 
of complicated systems. 

Provision with spare parts usually implies the use of duplicate elements, wherein 
failure of one or several parts (elements) of the circuit does not result in failure of the 
entire circuit. The remaining elements perform the same function as the circuit 
(element) without redundancy, and have the same parameters. The operating elements, 
the component blocks, and the other parts of the circuit remain under the same elec- 
trical conditions before and after the failure of any of these elements. The use of 
duplicate elements in this form can be called functional redundancy. In practice, func- 
tional redundancy with duplication of individual elements is difficult. Yet in some 
cases it becomes possible to effect functional duplication of blocks of single elements. 

For example, two vacuum tube amplifiers with a sufficient AGC range can sometimes be 
connected in parallel. 

The foregoing universal definition of redundancy is not the only one possible. 

Circuit reliability can be increased by provision with spare elements on the basis of 
the load. 


1. ESSENTIALS OF PROVISION WITH SPARE ELEMENTS 


The provision of spare elements is almost always passive [6], that is, no circuit 
modification takes place when failure sets in. It is necessary to take into account here 
the various consequences that may result from a failure of an element in the spare 
circuit. A spare circuit, used to replace one unduplicated element, can be constructed 
in such a way, that when one of its elements fails the entire circuit goes out of order, 
and the electric load which should be supplied by one unduplicated element is distrib- 
uted among all the elements of the circuit. Figure 1 shows the simplest examples 
of such spare provision based on load, in circuits comprised of capacitors and wire-wound 
resistors. Instead of one wire-wound resistor of R ohms or one capacitor of C micro- 
farads, we use two units rated 2R and 2C (Figures la and 1b). Any failure (open or 
short circuit) of one of the circuit elements causes the entire circuit to go out of order, 
since the change in resistance or capacitance exceeds the tolerance. 
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Figure 1. Simplest examples of spare provision of capacitors (a) and 
resistors (b) based on load. “le 
When spare provision based on load is used, the extent of dis- 
turbance to each element of the spare-provided unit is greatly increased | 
by the reduction in the electric load, which is distributed among all the 4 b 


circuit elements. For example, each of the capacitors of Figure la 
is at half voltage; each of the resistors of Figure 1b dissipates half the 
power with which an element not provided with a spare would be loaded. On the other hand, the 
rate of failure of the spare-provided circuit is equal to the sum of the failure rates of the 
elements. 

In formula (1), Po(t) is the probability of survival of the spare circuit during a time 
t; 


k k 
Pi) = [] A0= exp| — yO | = exp [— Af]. (1) 
j=l ‘j= : 
p(t) is the probability of survival of the j-th element of the spare circuit during the time 
t; Aj is the intensity of failure of the j-th element of the circuit; A is the intensity of 
failure of the entire spare circuit, and k is the number of elements in the spare circuit. 
When the spare-circuit consists of identical elements, as usually is the case in practice, 
we have 
Neo he 
(2) 
Spare provision based on load is useful if the intensity of failure of the spare circuit 
is reduced as a result of the reduction in load to a greater extent than it is increased by 
increasing the number of operating elements. Here, as in any investigation of element 
reliability, we disregard the influence of the rating (capacitance, resistance, etc.) of 
the element on the intensity of its failure. 
The experimental data published in numerous papers, for example [7, 8], usually 
describe the dependence of the intensity of failure of an element on the electric load and 
on the ambient temperature 8. The electric load is usually power in the case of resistances, 
working voltage in the case of capacitors, etc. The electric load X is specified as a 
fraction of the nominal load Xp: 


aes 
fe x 
The experimental relationships 
Ar = (7, 9) (3) 


are usually given in the form of curves. Figure 2 shows a relationship of the form (3), 
plotted for ceramic capacitors on the basis of the data in reference [8]. 

The rate of failure of a duplicate circuit, in which the load y is distributed among 
k elements, is 


hy = kp (=, 0). (4) 


Let us examine by way of an example the spare provision of ceramic capacitors 
based on load, by connecting the capacitors in series. The duplicate circuit goes out of 
order whenever one of the elements fails. Figure 2b shows the ratio of rate of failure of 
a capacitor not provided with a spare (Aj) to that of the spare circuit (\g) for different numbers 
of elements in the spare circuit, determined with the aid of the cirves of Figure 2a. The 
curves of Figure 2b correspond to an ambient temperature 9 = 60°. When @ changes, 
the curves of Figure 2b are shifted slightly. In this case it is explained by the fact that the 
curves of Figure 2a are approximatly equidistant. The character of the curves of Figure 2b 
shows that for the number of elements used here in the spare circuit, the greatest gain 
in reliability is reached for different values of y with different numbers k of series-con- 
nected capacitors. 

We can formulate and solve an extremal problem on the determination of the 
optimal value of k necessary to ensure greatest gain in reliability (in the presence of 
a limiting factor as well). Such an investigation will however be of little practical use, 
since it is assumed here that the main problem of the advisability of using spare provision 
based on load has already been solved. 
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Spare provision of elements based on load increases the reliability for given 
values of y and 9, if the following condition is satisfied: 


? A — (5) 
or, taking (3) and (4) into account gai eet 
ay | 
(tr, )—kp(+-,0)>0. (6) ™ %y eect 
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Figure 2. Spare provision of ceramic capacitors 
based on load: a — dependence of the rate of 
failure of ceramic capacitors on the relative 
working voltage, y = Uyy/Unom and the ambient 
temperature 9; b — dependence of the ratio of 

the failure intensity of unduplicated ce- 

ramic capacitors (Aj) and the spare-providing 
circuit (Ag) on the relative working voltagey for 

a different number k of elements in the circuit and 
for an ambient temperature 6 = 60°C; the numbers under the plots indicate the number of 
elements in the spare-providing circuits, which ensure at a given value of y the maximum 
gain in reliability; c — boundary of useful application of spare provision by load; in the shaded 
zone the spare provision by load reduces the reliability. 


Ji is assumed here that the ambient temperature is the same for all elements of the 
given type and does not change when the number of elements in the spare circuit is changed. 
The latter assumption is important only for thermally active elements (resistances, vacuum 
tubes, etc.). Differentiating inequality (6) with respect to y, we obtain the necessary (but 
not sufficient) condition under which spare provision by load is beneficial 2 


(ah (eee ‘om 


k 
where (2) is the partial derivative l®, (y, 9)] at a relative electric 
net 


load yj, and / ae is the same for a relative electric load y1/k. 


It follows pom (5) — (7) that the reliability of elements can be 
increased through spare provision by load only when the dependence of ijeie 
the intensity of failure of an element on the relative electric loadiis 
nonlinear and concave upward. In practice, usually y 99/07 > 0, 0?/a7? > 0 
for all values of y, and a spare provision by load is beneficial for all 
values of y encountered in practice. 

Cases are possible, however, however, when the use of spare 
provision by load leads to a reduction in reliability (Figure 3). 

Inequalities (5) and (6) are not satisfied for all values of k and 
y. Inasmuch as in increase in the number of employed elements leads, 
for fixed y and 8, on the one hand to a reduction in the rate of failure 
of the spare-provided circuit owing to the reduction in the load of each 
of the elements, and on the other hand leads to an increase in the rate of failure of the 
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Figure 3. One of 
the possible cases 
when spare pro- 
vision by load is 
harmful no matter 
what the number of 
elements in the 
spare circuit. 
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spare circuit is greater than that of an element not provided with a spare. For the example 
considered above, where ceramic capacitors are spare-provided by load, the influence of 
a change in the ambient temperature is small. Therefore Figure 2 shows only one curve 
y* =1(k*), which delineates the shaded region in which the reliability of ceramic capacitors 
cannot be increased by spare provision by load. When y > 0.275, spare provision by load of 
ceramic capacitors always reduces their reliability. 

Thus, spare provision by load can serve as a means of increasing the reliability of 
heavily loaded elements or elements of poor quality, which have low nominal loads. 


2. ADVANTAGES OF USING SPARE PROVISION OF ELEMENTS BY LOAD 


This question is unavoidably faced by an engineer choosing one of the two simplest ways 
of reaching high reliability of elements: should he use high grade elements with increased 
nominal load without spares, or should he use’ elements that are spare-provided in accord- 
ance with the load? The use of elements unprovided with spares with increased values of nomina 
X] and a constant working load X, corresponds to a reduction in the rate of failure of the 
elements. For example, if capacitors designed for a high working voltage are used in low- 
voltage circuits, they rarely fail. Spare provision by load makes it possible, under certain 
conditions, to increase reliability by increasing the number of lower-quality elements em- 
ployed. In choosing ways to ensure high element reliability, it is usually necessary to take 
into account some limiting factor (cost, weight, volume, .etc.). One can thereupon carry out 
two types of calculations. 

a) Calculation minimizing the limiting factor C for a specified limiting value of failure 
rate jim. This calls for calculation and comparison of the values of the limiting factor C 
corresponding to two ways of ensuring the required reliability for definite values of X and 
68. In order for the failure rate not to exceed a specified value Ajjm, it is necessary that 
the nominal electric load of the element employed be greater than the maximum value, de- 


termined by the formula x 


Apis =, 
llim ten (9) 

Quantities pertaining to elements unprovided with spares with increased values of nominal 
loads will be denoted by the subscript 3; those pertaining to spare-provision by load will be 
designated by the subscript 4. 

If elements unprovided with spares are used with increased nominal ratings, the plot of 
A = Y(y, 8) is used to determine the value of A3]jm corresponding to the specified limiting value 
Alim and to the fixed @. This is followed by calculation of Xgnlim by means of formula (9). 
One then finds in the catalogue the commercial elements with the next highest rating corres- 
ponding to this value of X3y jjm- From among these elements, one chooses the one with the 
minimum value of the limiting factor Cg. 

In using spare provision by load, the relative electric load on each element of the spare 
system should be less than the limiting value A4 lim» Which is determined from the relation 


(Te 
iin bp (EE 0). (10) 


The calculation is by means of a plot of y=(y, 9). For this purpose we rewrite (10) in the 
form 


Mim Talim ) 11 
— —— x0) ( Satie 0, e ( ) 


According to (11) we can determine from the plot of A = @(y, 9) the value of A4 lim/k, cor- 
responding to Aljm/k for a fixed temperature 8 and for k elements in the spare circuit. We 
then use formula (9) to calculate X4] ]jm and then determine from the catalogue the closest 
minimal value of C'4, corresponding to X4] lim 2nd to the k-dependent value of the element 
parameter (capacitance, resistance, transconductance, etc.). Similar calculations are 
carried out for several real values of k. By comparing C3 and C4 =kC'y we can decide 
which of the ways considered for increasing the element reliability is the more advantageous. 

b) Calculation for maximum reliability for a specified limiting value of the limiting 
factor Clim and for operating conditions X and @. 
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If elements with increased nominal load are used, one chooses the element whose 
limiting factor C3 is closest to Cjj,,, subject to the condition C3 < Clim: From the value 
of the nominal electric load X31 of this element, and from the operating conditions X3 and 
9, we determine the value of X3 from the plot of A = (y, 6). 

In spare-providing the element by load, we choose from the catalogue a spare-circuit 
element with a limiting-factor value C4, and specify the spare-provision multiplicity k such 
that it satisfies the inequality 


hl, <{Ciim, 2) 


thus determining the rate of failure of the spare circuit under the defined operating conditions 
X and 6. For this purpose we determine by means of the plot of A = @(y, @) the value of \'5 
corresponding to the nominal load X4j] of the chosen element and to the values of y, 9, and k; 
we then calculate the quantity 


. xX 
Ag kh, = hep (ZF 0). (13) 


The value of A; is compared with Ag to determine which way of attaining reliability is the 
more advantageous. By choosing different values of k and Cy satisfying condition (12), we 
can choose the optimal version of spare provision, ensuring the highest reliability. When 
the number of possible spare-provision versions is large, it is advantageous to prepare, 
during the process of calculation, a plot or a table of X4] =1,(k), and to plot after the end 
of the calculation the curve As = fo(k). 


3. MIXED SPARE PROVISION OF ELEMENTS 


Spare provision by load and functional spare provision are the limiting cases of general 
or mixed spare provision, when the spare circuit still continues to operate but under changed 
conditions as when one or several elements fail. In other words, in mixed spare provision 
the reliability of the spare circuit is increased, both because on failure of one or several 
elements the functions of the elements out of order are assumed by the remaining elements, 
and because the electric load acting on the spare circuits is distributed among all the ele- 
ments of the circuit, which in turn operate under lighter conditions. For most elements it 
is easier to effect mixed spare provision than functional spare provision. 

Like all classifications, the division between spare provision by load 
and mixed spare provision is arbitrary, depending#n the requirements impos- 
ed onthe element. For example, if itis required that a capacitor unprovided 
with a spare should have a constant capacitance value within+ 5%, acapacitor 2 aah 
circuit such as shownin Figure 4can, under certain conditions, ensure only ae 
spare provision by load. When the capacitance can fluctuate by +70% from ie alps 
the nominal value, the same circuit ensures mixed spare provision. 

In the case of mixed spare provision, account must be taken of Figure 4. Spare 
different variations in the structure of the circuit, caused by the failure circuit. 
of each of its elements, that is, the types of element failures must by 
considered. Failure elements may have entirely different manifestations, thatis, different 
degrees of influence on neighboring circuits. For most elements, however, we can separate 
limiting cases of possible external manifestations of failures, namely open and short circuits. 
It is possible to reduce to these two limiting cases various external manifestations of failures 
of almost all elements. Consequently, for an approximate investigation of mixed-spare-pro- 
vision networks, one can use the procedures developed for the investigation of the spare 
provision for contact elements [3,5]. 

The character of the redistribution of the electric load among the elements of the spare 
circuit in the case of failure of one or several elements is determined by the type of specific 
spare circuit for the specific element. The features of mixed spare provision of elements 
of a definite type can therefore be disclosed only after examining many specific spare 
circuits made up of these elements. 
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EFFECT OF EARTH 
IN UHF TROPOSPHERIC-SCATTER PROPAGATION 


A.I. Kalinin 


A solution is found for determining the average magnitude of the field intensity in tropo- 
spheric-scatter propagation of UHF waves, based on the hypothesis of coherent scattering 
from inhomogeneities of the troposphere, exponential variation of the permittivity of air 
with altitude above the earth's surface and diffraction around the earth's surface. 

1. It was.shown in reference [1] that the experimentally observed laws governing UHF 
tropospheric scatter propagation can be attributed to reflection of radio waves from an upper 
nalf-space in which the permittivity of air € varies exponentially with the height h above 
the earth's surface. 

The boundary between the upper and lower half-spaces is brought about by the screening 
influence of the earth, and has been assumed to be of zero thickness in reference [1], for 
the sake of simplicity. The height h, of this boundary is determined by the intersection of 
the tangents to the earth's surface drawn at the transmission and reception points (Figure 1a), 
and for zero heights of the transmitting and receiving antennas its value is 


ee 

8deq ’ (1) 
where R is the distance between the transmission and reception points and aeq is the equiv- 
alent radius of the earth. 

Reflection from the earth's surface and from the troposphere layer located at heights 
h < hy were neglected in [1], and consequently the distribution of the amplitude of the field 
intensity of the incident wave in the vertical plane have the form shown in Figure 1b, 
where Eg is the field in free space. 

Owing to diffraction around the earth's surface, the boundary between the upper and 
lower half-space becomes ''diffuse.'' The purpose of the present investigation is to account 
for the effect of this diffuseness of the boundary on the average field intensity in UHF 
troposphereic scatter propagation. 


2. As in reference [1], we shall assume that the real dependence of the permittivity 
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of air ¢€ on height h can be approximated in the mean by the exponential dependence 


I —— Be sya Que g 
eh) = A syoxp (5 Mbice (2) 


where A€o is the deviation of ¢ from unity at the earth's surface and g < 0is the value 
of the vertical gradient of the permittivity of air near the earth's surface. 

The exponential dependence ¢€(h) given by equation (2) has been recently confirmed by 
extensive experimental material [2] and adopted by the International Radio Consultative 
Committee (RCC) as the basic model of the troposphere [3]. 

By splitting up the troposphere into thin spherical layers of thickness Ah, we can deter- 

‘mine the field at the reception point as being the result of the interference of waves reflected 
from all the interfaces between the layers. Assuming the coefficient of reflection from each 
boundary to be equal to the Fresnel coefficient and in the limit, as Ah 0, we can obtain 
the following general formula for the attenuation coefficient of the free-space field V: 


gho ‘e (ae hy ) ip F2(y)d 
v=— 42 sin 6) (y) F* (y) dy, (3) 
where y is the height h in dimensionless units: 
h 
y= ei (4) 


ho is the "standard" height 


ee y Geq* . (5) 


8r2 


is the wavelength, 6(y) is the glancing angle for the interface located at a height y; U(y) 
is the attenuation function that accounts for the variation in the amplitude and phase of the 
waves due to the influence of the earth in the paths from the transmission point to the re- 
flection point and from the reflection point to the reception point; F“(y) is a factor that 
accounts for the directivities of the transmitting and receiving antennas, assumed to be 
equal. 


Aeieh acti ee 
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Figure 1. 


2 We shall disregard henceforth the directivity of the antennas (that is, we shall assume 
F’(y) = 1), since it is shown in [1] that this influence is negligible. 

3. We shall seek the solution of this problem for the case when a vertical electric dipole 
is placed on the surface of a perfectly conducting earth. The field distribution of the incident 
wave in the vertical plane will have the form shown in Figure lc. In the case when the trans- 
mitting and receiving antennas are raised above the earth's surface and h > hj, the interfer- 
ence structure of the incident-wave field will be observed. 

The solution for this case is of interest in itself, and is not considered here. 

4. On the basis of the papers of V.A. Fok [4] for the case of a vertical electric dipole 
located ona perfectly conducting earth and for the case of y >> 1, the attenuation function 
can be represented in the form 


U y= V Zoxp (iF yr), (6) 
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where x is the distance in dimensionless units 


r= Fe; (7) 

Ro is the "standard" distance 
Ry= Nae a, (8) 
eet Vy, (9) 


Vi(z) is the attenuation function of the plane wave; the absolute magnitude and the phase of 
this function, taken from [5], are shown in Figures 2a and 2b respectively. 

Changing in (3) from the integration variable y to the variable z as given by (9) and taking 
(6) into account, we get 


gh) q exp [ag tela) +13(3—) | V2 (2) dz 
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Figure 2. 
From geometrical considerations, taking (7) and (9) into account, we find that 


sin @ (z) = a-(1 cm =) (11) 


and consequently 


aeqgho (=) ta exp [< bo. aaa 3(F —?)'| V? (z) dz. 


V ——| 
Rx 4he ey (1 Sy (12) 
It is obvious that the essential region of integration will be of those values of z, satisfying 
the inequality 
x 
lZi<->z, (13) 
and therefore approximately 
ae qh" ghox? “fe g : 
“7 Raz it ee ge 3) oa bi (Com a ix*) 2|Vi(2) ve (lay 
x/2 


To calculate the integral (14) we must know the analytic expression for the function 
Vj i(z). On the basis of the work of V.A. Fok [4], V 4(z) can be represented in series form 


Via) SN ane", (15) 
n=1 
which converges for any finite z. The coefficients a, are determined by the formula 
2 : . Sn fin 2000 \ 
a pt : exp (— i =) 4+- exp (2 *)| : (16) 
337 (1 l 5) 
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_ The series (15) converges sufficiently rapidly for small values of ld. For large IZ| 
we can use asymptotic expressions for the function V;(z). On the basis of the same papers 
[4], the following formula can be used for large negative values of z: 
V1 (2) = 2exp(—- 2"). (17) 


For positive z, V1(z) can be expressed as a series of residues 


V ea exp (il,z) 

1 (4) = Rig eer (18) 

lwhere t's are the roots of the equation 
w' (ts) == ()) (19) 
and w(t) is the complex Airy function. 
At sufficiently large positive values of z, we can confine ourselves to the first term 

‘of the sum (18), corresponding to the first root of equation (19) 

é =e) c (i 158 

1 = 1.01879 exp \b3 “ (20) 


A comparison of the results of the calculations of V,(z) by formula (17) and the value 
obtained from the first term of (18) with the exact values of Vj(z), cited in [5], shows that 
when z > 1 we can use with sufficient degree of accuracy formula (18) with but one term, 
while asymptotic formula (17) is applicable when z < -1. 

Breaking up the path of integration in (14) into three parts, namely = Reh 2 My Mew, S Hil, 

and -@ > z > -1, and using the corresponding expressions for V,(z) in each part, we obtain 


_ Tegsh i ghox* 
o” 


where 
[bya Seo exp {— hac Not + 1 (x?— 24) | 2} dz +- 


x/2 


=i oo ©0 
\ | \ n l 
Ae [1,78 + 2,66 2 Ane™ (2 Anz F | exp |— (Co hot -+ iz?) 2| dz + 
+4 \ exp |— (i hot + ix®) 2— iF 28|dz. (22) 
-1 
In tropospheric-scatter propagation of UHF waves, the following inequalities are always 
satisfied 2S; 4228S 28; anda: > 7 ho 
(23) 
In addition, by virtue of the first inequality of (23), we have 
i 2” exp (— iz?z)dz= a [(— 1)” exp (ix?) — exp (— iz?)]. (24) 


1 
Taking (13), (23), (20), and (24) into account and carrying out the integration in (22), we 
obtain 


L= \|— 1242266 s dn — s ane ant exp (= ta?) - 


n=) n=| n+k 
fe) 


+ |—2.22 + 2.66 ma (—1)"an+ Sean + 2S) andy (—1)"*] exp (in). 


n=1 nie 


(25) 
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The series in (25) converge rather rapidly, and consequently we can confine ourselves 
in the calculations to the first several terms. Calculation with account of the first three 


terms yields 


L = = (0.084 — i 0.174) exp (— éx?) + (— 1.59 + £1.57) exp (éx?)] & 
ow (1,59 4 i 41.57) exp (iz?). (26) 
Substituting this value of L in (21) and taking (5) and (8) into account, we get 
7 t aeq8" —/ Reg | 
[V |= 2.24 in Rs ©XP eae z eq 


The absolute value of the attenuation factor in (27) differs from the corresponding value of 
\v| in [1] only in the constant multiplier 2.24. If we assume the boundary between the half- 
spaces to have zero thickness in this case, this constant factor should be equal to 4. Con- 
sequently, the diffusion of the boundary leads to a slight decrease in the field intensity, 
owing to the compensating action of the lower half-space. Thus, the diffuseness of the 
boundary between the upper and lower half spaces, caused by diffraction, does not change in 
practice the results obtained in [1], under the assumption that this boundary is ideally 
sharp. 
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PROPAGATION OF PULSED SIGNALS OVER 
A HOMOGENEOUS FLAT EARTH 


V.V. Novikov and G.I. Makarov 


We consider the problem of nonstationary propagation of radio waves from a vertical elec- 
tric dipole, over a flat homogeneous earth with allowance for the displacement current in 
the earth. The solution of the problem reduces either to elementary functions, depending on 
the type of current in the dipole. The main laws governing nonstationary phenomena occur- 
ring during the propagation of radio waves are clarified. 


INTRODUCTION 
Nonstationary propagation of radio waves has attracted much attention recently. White 


and Johler [ 1 — 3] developed a theory of the propagation of pulsed signals over a flat earth 
with the displacement current in the earth neglected. This neglect, however, is permissible 
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only for signals with a sufficient low-frequency spectrum propagating over an earth that 
has high or medium conductivity. Consequently, the theory developed by White does not 
encompass all the cases encountered in practice. 

In the present paper we discuss nonstationary propagation of radio waves over a flat 
homogeneous earth with allowance for the displacement currents in the earth, and obtain a 
sufficiently simple approximate formula for the solution of this problem. We also discuss 
the results of numerical calculations and elucidate the main lows governing nonstationary 
phenomena occurring during the propagationof radio waves. 


1. CONSTRUCTION OF THE SOLUTION 


Consider the problem of the radiation field of a vertical electric diploe, located on a 
flat homogeneous earth of conductivity o and relative dielectric constant Ey, and excited 
current I(t) [[(t) =t < 0]. Its solution can be obtained with the aid of the inverse Fourier 
transform from the well known expression for a field produced by a dipole, whose current 
varies sinusoidally with time [as exp (-iwt)]. The vertical component of the electric field of 
such a dipole on the surface of the earth is determined by the following expression (in the 
MKS system) 


__ topdh 
Lie 2ar To (Vsr) efkr, 
where  =4T7 . opel henry/ meter; I is the amplitude of the current in the dipole; dh is the 


3 : ‘ ay: : a = ; of ey ‘ 
height of the dipole; sr = ikr/2(€';, + 1) is the numerical distance; €}, = €m + i eo is the 


relative complex dielectric constant of the earth; 
ico 
w(x) =1+2xe* \ e*dz (2) 
x 
is the Sommerfeld attenuation function. 
If we take I in equation (1) to mean the spectrum of the current in the dipole 


PT (a)'= \F @ edt, 
then this quantity is the spectrum of the vertical component of the electric field (radiation 
field), and the integral of this quantity with respect to the frequency yields the solution 
of the nonstationary problem for this component ~ 
ootie 
E(t) = #4 | ow(1/sr) (0) e'e"do; f= t—. (3) 
—ootie 

It must be noted that (1) is an approximate formula, describing the field spectrum with 
a relative accuracy on the order of 1/ le‘m| (for more details see reference [4]). It is dif- 
ficult to say what error in the field is brought about by such an error in the spectrum. But 
it is quite obvious that the relative error in the field coincides in order of magnitude to the 
error in the spectrum at that frequency for which the spectral density has a maximum, and 
in any case does not exceed the maximum relative error in the spectrum at very high fre- 
quencies — an order of 1/€m. Thus, the results given in the present paper are applicable 
for signals with arbitrary spectrum, propagating over earths with sufficiently high relative 
dielectric constant (€m > 10, takes place in many practical cases). 

Expression (3) for the radiation field is a rather complicated double integral, since the 
attenuation function under the integral sign is in turn expressed in terms of the integral (2). 
Our problem consists in finding a simple analytic function for the radiation field (3). 

Let us note briefly the following general properties of the integral (3). The field van- 
ishes when t' < 0 and the equation t' = 0 is the equation of the front. The front of the 
disturbance propagates at the velocity of light in the upper medium. The value of the field 
on the front is determined by the behavior of the integrand wu(V sr)I(w) at infinity. Using 
the well known asymptotic representation of the attenuation function, we can readily verify 
that the function ww(|/sr) tends at infinity either to zero, if the displacement currents 


are neglected 
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a= oc 1 
OW (| sr) Ss gor O7 


or to a constant value, if the displacement currents are taken into account 
re 4 (Guna cnli]e 
onto) (LS) ert Se res 

The presence of the displacement currents changes the decrease of the integrand at 
infinity by one order of magnitude. If the displacement currents are taken into account, 
the field on the front has the same singularity as the current in the dipole at t = 0: thus, 
the jump in current at t = 0 causes the field to experience a discontinuity of the first kind 
on the fronts. On the other hand, if the displacement currents are not taken into account, 
then the singularity of the field on the front is found to be one order of magnitude lower than 
the singularity of the current at t = 0: a jump in the current becomes a jump in the first 
derivative of the field, while the field itself is described by,a continuous function and 
vanishes on the front. The displacement currents appreciably affect the behavior of the 
field in the vicinity of the front. 


2. QUALITATIVE EXAMINATION OF THE PRINCIPAL LAWS GOVERNING 
NONSTATIONARY PHENOMENA 


Before we proceed to calculating the integral (3), it is desirable to elucidate qualitatively 
the main laws that govern nonstationary phenomena in this case. We start from spectral 
representations. The factor w in the integrand of expression (3) for the radiation field is due 
to the radiating properties of the dipole, and makes the field above a perfectly reflecting 
plane proportional to the derivative of the current in the dipole (the dipole has differentiating 
properties). On the other hand, the effect of the propagation path consists, first, in delaying 
the pulse, a fact accounted for by the quantity t', and second, in the case of a path of finite 
conductivity, in distortion of the pulse due to the dispersion, which is described by the 
attenuation function. The attenuation function is essentially the complex transfer function 
of the propagation path (disregarding the delay of the signal, which is separately treated) 


BK (ayn ( Var). 
Starting from the amplitude and phase characteristics of the propagation path 
A (o) =|w (Vsr)|, («) = arg w (V sr), 


we can estimate the transient time and determine how it depends on the distance and on 
the conductivity of the path, and how the displacement currents affect the transients. 

In the analysis of the frequency characteristics as functions of the attenuation, it is 
expedient to change from the circular frequency w to the dimensionless parameters ow, 
where, 


fen Eor 
Piatt [hse (4) 
Then the numerical distance can be represented as follows: 
or ee 2? Ent} 


~ T= iya0" T= V6 xer * (5) 


If the displacements currents are neglected, y= 0. The amplitude and phase characteristics 
corresponding to this case are shown in Figure 1. 
The absolute value of the transfer function of the path has a maximum at zero frequency, 


and then decreases monotonically with increasing frequency. The bandwidth of the propaga - 
tion path at the 0.7 level by 


Ay eee == (GIS) Va ; 
g. Eor 
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The duration of the transient is inversely proportional to the bandwidth [5]: 
tyne ty Y/ 28, (6) 


where aj is a certain constant on the order of several times one. From expression (6) it 
follows that the duration of the transient is inversely proportional to Vo and increases with the 
distance as vr. 

Let us investigate the effect of displacement currents on the frequency characteristics. 
When these are taken into account, the value of y as given by (5) differs from zero and be- 
comes smaller than unity for real earths, at distances greater than 5 or 10 km. The nu- 


* merical calculations show that in those cases when y <1, an account of the displacement 


currents reduces the bandwidth of the path (Figure 1) y = 0.2, and consequently increases 
the duration of the transient and reduces its amplitude. It must be noted, however, that the 
effect of the displacement currents on the nonstationary phenomena depends on the distance. 


Ce 40" 


Figure 1. Amplitude and phase characteristics of propagation path. 


This is perfectly understandable, for with increasing distance from the source, the low fre- 
frequencies , for which the displacement currents are much less than the conduction currents 
assume a major role. 


3. INVESTIGATION OF THE SOLUTION OF THE PROBLEM 


Let us proceed now to evaluate the integral (3). It is expedient to use an integration 
variable such as to make the phase of the attenuation function sufficiently simple. We put 


a / sr as poe aiaes C => Bee = 7 
mS i th TRESS GE (7) 
then 
aby) sua iudh ( / i) ; —2i9 (u) 
B(t') = BS \ (ud (u) w(u) 1[P |e 2190) T ely), (8) 
I 
where 


etl e ee rete ae 
1 =) 0 (wu) = iN Vag ee ie (9) 
vue F eee : 
and we choose that branch of the root a = paetOr whichRe|/ ee The integra - 


tion contour / in the integral (8) is shown in Figure 2. 
We begin the analysis of the integral (8) with the case when the dipole current is described 


by the units that function argh 0 1<0, 


ae Lhe ee) 
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and 


Le COW vide é 
E, (t’)=— Be \o (uw) w (uv) e249 ) T du, (10) 


407ra ; 
When t' > 0 the integration contour can be made congruent with the real axis. The attenuation 
function w(u) contained in the integrand of (10) has a singularity at infinity in the lower half- 
plane. This singularity can be separated by representing the function w(u) in the form of a 
sum 

w(u) =r (nr) 2i nue, v(u) = 1 + 2ue \ e** dz, 


u 


where v(u) is regular in the lower half-plane. The integral (10) then breaks up into two parts: 


Ey (t’) = By, (t') + Ayo (t’), 
iut,dh +e? 


\ ud’* (u) e—#-28* (w) T dy, 


E t fon a SS 
u(t) 2n V nar = 


\ 0" (w) v (w) e229" ) Td, (11) 
where the superscript plus of the functions (wu) and %’(u) denotes that the values of these 
functions corresponding to the upper edges of the cuts are taken. The integrand of (11) rapid- 
ly decreases in the lower half plane as u|—-©, and its only singularities below the integration 
contour are the branch points. Asa result of this, the integral (11) can be reduced to integrals 
along the cuts, and after some simple transformations, using the relation 


pl, dh 


4rera, 


Kyo (t') eas 


v (u) —v(—2u) = — 23 V nue, 
we find that (see [4]) 
ipl, dh 


oO 
Ey (t') = — Lae \ {—w0"* (uw) e288 Tt Bh (a) ee —218- (4) T) du, 
aft 


Imu 


Rejoining E,1 with E12 we obtain ultimately for the 
radiation field a rather simple expression in the form of 
a single integral 

E,(t')= _— WO" (Ut OO) Fa, 


 2nVanar (12) 


the integration contour of which is shown in Figure 2. 

Analogous transformations can be carried out also 
when the current in the dipole is a unit step envelope of 
~2y a sinusoidal carrier 


I(t) = Ie" «4 (t), 


Figure 2. Plane of the complex yee 


variable u. 
Ea (t’) = Ee st (t’) + Eenon (t’), 
i@opl, dh 


Es st (t’) = ga — @ (V sor) e-tom" 8) 


2nr 


is the stationary part of the field (Sgr is the numerical distance at the carrier frequency w 9) 
and 


ipl, dh (= (u) &’ (u) . 


Penon (#') = 2nVaar 7 8 (u)—ao,g Briar eset te 
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is the nonstationary part of the field, describing the transients. 


It is convenient to introduce in the integrals (12) to (14) an integration variable p = w/2 
_ which yields 


hae BI, dh 4itta ( , , 
LO Nees err Vi je (P exp |— 24-7 (p)| dy, (15) 
‘ rn __ Ba dh 4igta ( pu (p)u’ ( Me as 
4s weor(t') aur Wx \2 u (p) — Z i se 8 (»)] ap i) 
L 


| where 


w(p)= p(Vi—p—ip); f(p) = p?+ itu (p); a=; 


t=’; pee (17) 


We evaluate the integrals (15) and (16) by the stationary-phase method. The large 
parameter necessary for the application of this method is the quantity 20/8, which depends 
on the distance and on the electric properties of the'earth, and assumes a value much 
greater than unity even at small distances from the dipole. As a result we obtain 


pak 2. : (18) 
By (t) = F (exp |—F-7(d)| {r+ Lan} , 
; pl, dh 
Ey non (t!) = — aE F (ny exp |—-F 7 ()] {Oe + Bu (a) + 
ene 19 
++ iM (T) E -+ (Wo, 6, T) 2ze ~° \ a dz} : (t9) 
where we use the notation 
2 | eT 
F(t) = : eet Wor 2h 
©) (4+ 2t) (4+ V1 20) ’ xs 2Vit2t 
2 , elie esr ge TOE 
iD engememay gray O(t) = FU+2+ V1I+ 24), (20) 
; age a a ee es 
Ap (Wo, IG) T) al |! ta U ~ aa | ’ 2 = Sol t Lol B / (7). 
The condition for applicability of the resultant expressions (18) and (19) is the fulfill- 
ment of the inequality 
a sh (21) 


In the most unfavorable case €y = 5 and 0 = 107+ mho/m; this inequality is fulfilled at 
distances on the order of 5 km up. 

We note that if we neglect the displacement current in expressions (18) and (19) for 
the radiation fields, these expressions coincide with the results obtained by Wait [1]. 


4. ANALYSIS OF RESULTS AND NUMERICAL DATA 


Let us analyze the radiation field (18), produced by a dipole excited by a unit step 
function. We represent (18) in the form 


a Lqdh : 
FAP) ae i A(7,T), 


Ay, T= Fy TAL 
> y(yT)pexp[—xz (y PT}. 
where the functions F(yI) and u(yT) are de- 
termined by the formulas in (20), y and T are 
given by (5) and (9) respectively, and 


L-etVi-+ de Figure 3. Plots of the function A(y, T) 


A(y,1) 


Se OSS ES Lee 
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Plots of the function A(y,T) vs. T are shown for different values of Yin Figure 3. Were 
the conductivity of the earth to be’infinite, the radiation field would have the form of a 6- 
function propagating with the velocity of light. The finite conductivity and the displacement 
currents in the earth, however, bring about propagation transients that distort the signal. 
The attenuation of the transients is described by the exponential factor exp[ — X(yT)T7] : 
Neglecting the displacement currents, the value of the function x is unity. Let us define 
the duration of the transient to mean the time during which the exponential factor is re- 
duced to one-tenth its value. Then if the displacement currents are neglected, 


2 V Bor (yr? V ~7¢km) sec 


i 2 i} 
stable < 26¢ 3(mho/m) 


For dry soil (o = 10 ¢mho/m) and the large distances ( r ~100 km), the duration of the 
transients can reach large values, on the order of 10 microseconds. Owing to the dis- 
placement currents, a function x(y,T) appears in the exponent; its value is unity when 
t' = 0 and decreases monotonically, thus increasing the duration of the transient. 

It is clear from Figure 3 that at short distances, which amounts to several tenths, 
the displacement currents greatly influence the form of the signal and reduce its amplitude. 
In addition, they prescribe the behavior of the field in the vicinity of the front. If, neglect- 
ing the displacement currents, the initial conditions for the field due to excitation of the 
dipole by a unit-step current have zero values, thenincluding the displacement currents 
makes ‘the field on the front experience a finite jump, the magnitude of which depends on 
the dielectric constant of the earth but not on the conductivity; the value of the jump is 

E, (0) ‘nes ula dhe (Em ka 1). 


2ar? 


The field jump on the front is inversely proportional to the square of the distance. The front 
of the signal is made up of high frequencies, characterized by such a dependence of the 

field on the distance. As to the amplitude of the signal, the maximum of the function A(y, T) 
is approximately 0.4 and depends very little on the distance. Consequently, the amplitude 
of the field is inversely proportional to the distance raised to the 3/2 power. 

The front of the pulse propagates with the velocity of light c, but the rate of propa- 
gation of its maximum is less than the velocity of light, and the maximum of the signal lags 
the front more and more as the distance is increased, the pulse itself becoming diffused. 
The delay time of the signal maximum relative to the front is given by the expression 


At =1.4a~'0.6-1072 V LisEC 
(mho/m) 


We proceed now to examine the field of a dipole excited by a pulse consisting of a 
sinusoidal or cosinusoidal carrier with a unit-step envelope. The attenuation of the transient 


(19) is again described by an exponential factor cxp | - Hr) = exp[ — x, (17) rl. . It must 
be pointed out that the attenuation depends only on the propagation path and is independent of 
the spectrum of the signal. Formulas (13) and (19) show that the field is a function of the 


five variables t', r, 0, €y,, and wg. In order to simplify the calculations with these for- 
mulas, it is advisable to change to the dimensionless variables 


(Em + 1) eo 


Ty] = @gl 5) == = » P= ae, 
( 
Then 
ee l@ous , dh — 
hy) = — =o | w (V sor) |V (p, i) 
Vil pe ty) e'sup—** SWAP, acy) (22) 


where w(v Sor) is the Sommerfeld attenuation function, sup is its argument or the so-called 
supplementary phase at the carrier frequency WQ: 
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W (p, x, Me os exp | —X (x) Zs \ if J 3 w(2)| 


¢ (x) [4 +-%p (p, %, 7) ee \ edz |! : 
z . (23) 


Expression (23) for the nonstationary part of the field is valid if the inequality 


x2 
Ge Set 


which is the consequence of inequality (21) , is satisfied. 

; The real part of the function W (23) describes the nonstationary part of the radiation 
field, while the real part of the function V (22) describes the total field when the dipole is 
excited by a current of the form 

I (t) == Ig sin @yt- 1 (t). (24) 


The functions ImW and ImV describe the nonstationary part and the total radiation field, 
respectively, for a dipole current in the form 


T(t) = Ig Cos Wot - 1 (t). 


Plots of ReW and ImW for two values of x(x = 0 and x = 1) are shown in Figures 4 and 5. 
It is seen from these plots that an account of the displacement currents reduces the amplitude 
of the nonstationary part of the field. Furthermore, the magnitude of the transient depends 
on the spectrum of the current and the dipole. The amplitude of the nonstationary part 
at large numerical distance for a sinusoidal current in the dipole, is much greater than 
the amplitude of the nonstationary part for a cosinusoidal current. Moreover, it can be 
shown that in the latter case the amplitude of the transients tends to zero as the numerical 
distance increases. The explanation for this is that at large numerical distances the tran- 
sients are caused by the low-frequency part of the spectrum, while a cosinusoidal excita- 
tion is much poorer in low-frequency components than a sinusoidal one. 

Plots of the function ReV, to which the total radiation field is proportional when the 
exciting current in the dipole is given by (24,) are shown in Figure 6 (x= 0). We see that 
the transients during the propagation lead to noticable distortion in the signal form. 
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Figure 4. Plot of the function ReW. 
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Figure 5. Plot of the function ImW. 
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Figure 6. Plots of the function ReV. 


CONCLUSION 


The problem of propagation of pused signals over the earth's surface is not only of 
theoretical interest, but also of practical significance. For example, the question of the 
distortion of the wave form of propagating radio signals plays an important role in the study 
of atmospheric discharges. The results obtained can be used to solve the inverse diffraction 
problem (determination of the properties of the underlying surface from known distortions 
of a pulsed signal). Thus, by meansuring the delay time (relative to the front) of the 
maximum of a signal radiated by a diploe excited by a step function, we can determine the 
conductivity of the path from distance values determined by other measurements. 
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INVESTIGATION OF A MODEL 


OF LARGE-SCALE |ONOSPHERIC INHOMOGENEITIES 
BY A RADIO ASTRONOMICAL METHOD 


Yu.L. Kokurin, A.N. Sukhanovskiy and Yu.I. Alekseyev 


Results are reported of simultaneous measurements of irregular refraction of radio 
waves in the ionosphere at two zenith angles, z ~0 — 30° and z ~ 85°. It is concluded that 
the irregular refraction is due to the presence of wavelike inhomogeneities in the iono- 
sphere. The horizontal and vertical dimensions of the inhomogeneities are estimated. 


INTRODUCTION 


We have shown in an earlier paper [1] that oscillations in the refraction of radio waves 
passing through the entire thickness of the ionosphere are due to the presence in the iono- 
sphere of inhomogeneities whose horizontal dimensions are on the order of hundreds of 
kilometers. One cannot draw any conclusion regarding the structure of the inhomogeneities 
(regarding their vertical cross section) from the results of this investigation, in which 
the irregular refraction was measured at one value of the zenith angle, z ~80°. It was 
shown, however, that the data of the measurements can be fitted to two different models 
of inhomogeneities in the layer. According to one model, quasi-periodic variations of the 
optical thickness of the layer take place along the layer (modell, Figure 1a). In the 
second model the inhomogeneities have a wave-like structure (model II, Figure 1b). 


grad NE grad h 


ZAh 
A 


Model I ccteoteerer 


a b 
Figure 1. Two possible models of inhomogeneities of the ionosphere. 


The data on the refraction oscillations at z ~80° were used to estimate the parameters of 
the inhomogeneities for these two models. In another paper [2] we gave approximate 
calculations of the dependence of the average refraction oscillation amplitude (Rj)max 

on the zenith angle z, and have shown that the dependence is quite different for each of 

the two models. In particular, for the first model the amplitudes of the refraction oscil - 
lations at the zenith (z ~0 — 30°) amounted to 15 — 20% of the corresponding value on 

the horizon (z ~80°), whereas for the second model the amplitude of the oscillations at the 
zenith is close to zero (Figure 2). 


Ri)max 


Figure 2. Dependence of irregular iono- _ 
spheric refraction on the zenith angle , (Rj) pax 
= f(z): 

1 if dare ke refraction for Model 1; 2 — hori- 
zontal refraction for ModelI; 3 — radical 
refraction for Model II; 4 — horizontal re- 
fraction for Model II. 
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We can thus propose that the variation of the refraction oscillations with the zenith 
angle be used as a method for the investigation of the model of the ionospheric inhomoge- 
neities, and that the first step in this direction be the measurement of the amplitudes of 
the refraction oscillations near the zenith, where the very presence or absence of oscilla- 
tions can lead to definite conclusions. ‘ ; 

In the present paper we report the results of measurements of the irregular ionospheric 
refraction made simultaneously at two zenith angles, z ~0 —30° and z ~85°. 


1. MEASUREMENT OF OSCILLATIONS OF VERTICAL REFRACTION NEAR THE HORIZON 


In the investigation of the vertical refraction, the radiation sources used were sunspots. 
The measurements were carried out by means of a vertical marine interferometer. The 
procedure used in such measurements is described in [1]. The main parameters of the 
interferometer were as follows: operating frequency f = 207 Mc (A=1.45 m ); the height 
of the antenna above the surface of the sea was H = 268.3 m. 

The antenna position at sea was such that when the elevation angle exceeded 12 — 13° the 
ray was reflected from the shore rather than from the surface of the sea. The interference 
pattern therefore covers the zenith-angle z ~77 — 90°. The annual motion of the sun in 
the sky limits the period of observations, because in the summer months (unlike the winter 
months) the sun rises not from behind the sea, but from behind the land. 

Thus, the interference curves could be plotted only approximately one hour after 
sunrise, or else an hour before sunset, and only in the winter months. 
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Figure 3. Specimen of interference record of the sunrise on 29 December 1958. 


Figure 3 shows a sample recording of the sunrise on 29 December 1958. A simplified 
method, which does notcall for knowledge of the coordinates of the radio-emitting sunspots, 
was used to plot the dependence of the vertical refraction on the zenith angle on the basis 
of such recordings. During the instants corresponding to the minima of the interference 
plot, the positions of which (zy) were calculated from the well-known formulas of the diagram 
of the vertical interferometer (see reference [1]), we determined the directions to the source 
Z'm- The value of z',, was taken to be the zenith angle of the center of the sun, the motion 
of which over this angle was assumed to be approximately uniform, with a velocity equal 
to the average velocity during the first hour after sunrise (or the last hour before sunset). 
The curves R‘(z) obtained in this fashion differ from the exact curves in that they contain a 
term that varies smoothly along the z-axis and has a single extremum during the observation 
session. This excludes the possibility of determining the regular ionospheric refraction, 
but in practice it does not distort its oscillations. The period of the oscillation is much 
less than the duration of the session, so that the oscillations are observed as deviations 
from the course described above. This course is determined by averaging the plotted curves 
over a large number of observation sessions. 

An investigation of the quiet sun as a whole does not yield an interference pattern, inasmu 
as its angular dimensions (about 30') are much greater than the angular width of the interfer- 
ometer-diagram lobe, which is equal to about 8.7'. The only useful observations are there- 
fore those made when radio-emitting spots of sufficiently small dimensions exist on the sun. 

We have carried out a cycle of observations at 44° N latitude (Crimea) from 8 September 
1958, through 20 April 1959 at sunrise and from 24 October 1958 through 1 March 1959 at 
sunset. A total of 213 sunrise records and 122 sunset records was obtained, of which 106 
sunrise and 61 sunset records were suitable for processing. The remainder were cases 
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when there were no radio-emitting sunspots. Typical curves of R* vs. z for sunrises are 
shown in Figure 4. The sunset curves differ from the sunrise curves in having much smaller 
oscillation amplitudes and a lower probability of occurrence. 
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Figure 4. Specimens of curves of irregular vertical refraction R} (z) for sunrise hours. 


Only the sunrise curves were subjected to further detailed processing. They were used 
to determine the principal parameters of large ionospheric inhomogeneities, by measuring 
the periods and amplitudes of the refraction oscillations. For each wave (cycle) of oscilla- 
tions tangents were drawn to the curve R"(z) at two crests (or troughs) corresponding to 
the start and end of the cycle (see Figure 4) The distance between the tangency points was 
taken to be the period of the oscillations or the angular dimension of the inhomogeneity Az 
(under the assumption that the inhomogeneity is stationary), and the half-height of the maximal 
rise (or drop) of the curve R'(z) above (below) the tangent was taken to be the amplitude of 
the refraction oscillations (Rf )max: The angular dimensions of the inhomogeneities were 
then recalculated into linear dimensions d under the assumption that the inhomogeneities are 
located at a height hg = 300 km (see [1]). The values of d fluctuated from 100 to 500 km. The 
most probable value was d ~200 — 220 km. The amplitudes of the refraction oscillations, 
(Ri)max> averaged over each session of observations, range essentially from 0.5 to 5.0!' 
and have a most probable value (OD) ax =) fs) =) (0, 

Let us estimate, on the basis of these data, the parameters ofthe inhomogeneities 
in accordance with the above-described models of the inhomogeneous layer. 

Modell. Assuming the linear dimension of the inhomogeneity to be d = 200 km, the 
effective thickness of the inhomogenity % = 50 km* and the refractive index to be n = 0.9983 
(N=1.8%X 10° cm ~ ), we obtain for the difference between the geometric and optical 
thickness of the inhomogeneity a value L ~80m. 

On the basis of equation (6) of reference [2], the variation of this difference is 


( pe iD z) 
See rob lg : 1 
AL = (RB) max? i PA he a i (1) 


(ro is the radius of the earth). Hence Al/L= 3.3 — 4.4% 

Thus, if the irregularities of the refraction are due to the presence of a horizontal 
gradient in the F layer, then the horizontal variation (with an average period of about 200 
km) in the optical thickness of the large inhomogeneities and of the total number of electrons 
in them amounts to 3.3 —3.4%. 


*See Section 3 concerning the choice of the effective-layer thickness. 
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Model Il. Using the same inhomogeneity parameters (d = 200 km, ¢ =50 km, n= 
0.9983) we obtain for the wavelike model, on the basis of equation (10) of reference [2], 


— (Ra [! 2 c ~ ho = Ze 
Ah = oe ; i 


-=(),45 —0,54 km, (2) 


ee 0 Sie 
L(2n) ReILE sinz 


Consequently, the observed oscillations of refraction can be ascribed to a wavelike structure 
of ionospheric inhomogeneities with a period d ~200 km and a wave amplitude (see Figure 1b) 
Ah = 0.5 km 


2. MEASUREMENT OF OSCILLATIONS OF REFRACTION NEAR THE ZENITH 


Measurement of the irregular refraction near the zenith was carried out with the aid of 
a horizontal interferometer. Since this was the first attempt at such measurements, and 
the method has many distinguishing features compared with the preceding method, we shall 
describe it in greater detail. 

Large ionospheric irregularities are detected with the aid of a vertical interferometer 
because of the angular displacement of the radiating source. Actually, the zenith angle sub- 
tended during the time of one observation session amounts to 10 — 15° (from z = 90 toz = 
= 89 — 75°), corresponding to a linear distance of 800 — 1200 km along the layer. This 
means that if the average linear dimension of the inhomogeneities is about 200 km, some 
4 — 6 refraction cycles are registered during one session. Consequently the vertical 
interferometer makes it possible to register stationary inhomogeneities in the ionosphere. 
When the inhomogeneities move at a velocity that is customary in the ionosphere, about 
100 m/sec [3 — 5], the apparent changes in their linear dimensions are only about + 30%, 
since these velocities are small compared with the rate of motion of the point of intersection 
of the beam with the layer (about 300 m/sec) due to the motion of the source. On the 
contrary, when extraterrestrial sources are observed near the zenith with the aid of a 
horizontal interferometer, the linear dimensions of the region of ionosphere subtended by 
the antenna directivity patterns (usually not more than 15 — 20°) do not exceed 100 — 130 km, 
thatis, they are less than the average scales of the inhomogeneity of the layer. Thus, less than 
one cycle of refraction oscillation is recorded during one observation session, so that the ampli- 
tudes of these oscillations cannot be measured in the overwhelming majority of cases. The ob- 
servation of large-scale ionospheric inhomogeneities with the aid of a horizontal interferometer 
is therefore possible only if these inhomogeneities move with sufficiently high speed. 

It is known that the F-layer of the ionosphere is subject to drifts whose speeds, measured 
in many investigations (see, for example, [3— 5]) by observation of small ionospheric in- 
homogeneivies, average about 100m/sec. Information on the motion of large inhomogeneities 
is less plentiful. According to references [6 — 8], large-scale inhomogeneities observed 
by the method of pulsed sounding from the earth, move with velocities of 80 — 160 m/sec. 
However, it is not quite obvious that these are the same inhomogeneities responsible for 
the refraction oscillations. The rates of motion of large inhomogeneities were determined 
by radioastronomic methods only in one work [9]; there were found to be 150 — 300 m/sec. 

To detect ionospheric inhomogeneities by their motion it is necessary to catch at least 
two or three cycles of refraction oscillations. At the inhomogeneity velocities indicated 
above, the necessary time required is 1.0 —1.5 hours. The angular velocity of motion of 
the source near the zenith at our latitude (Crimea, 44° N) is about 15° per hour. This means 
that at a minimum possible session duration (one hour) the width of the diagram of each of 
the interferometer antennas, should not be less than 15°. We used for the measurements 
two parabolic antennas, with an east-west separation of about D=520 m. The eastern 
antenna had a rectangular aperture 18 by 22 m, while the western one had a round aperture 
30 min diameter. Thus, the envelope of the interference pattern is determined by the 
western antenna. The angular dimension of its diagram is determined by the relation 


where dis the antenna diameter. Putting 8 ~15°, we obtain for the minimum wavelength 
X ~6m. Since an increase in wavelength reduces the accuracy with which the refraction 
curves are plotted (increases the period of the interference pattern), we used a working 
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wavelength X = 5.8 m. 

Four cosmic sources with declinations 6 = 12 — 58° were used for the observations. 

This interval is much greater than the aperture of the antenna diagrams. We therefore placed 
on each focal surface of the antenna two diploe-reflector arrays for the reception of signals 
from all four sources. The diagrams of these arrays were aimed at declinations 6, = 49° 

and 62 = 17° in such a way that each array received signals from two sources. 

We have already mentioned that in measurements with a horizontal interferometer, 
the angular velocities of the sources are much less than the rate of angular displacement 
of the inhomogeneities due to the drift. One can, therefore, roughly assume the source 
__ to be stationary and the irregular refraction regarded not as a function of the zenith angle 
- but as a function of the time. 

To plot the time dependence of the irregular refraction Rj on the interference recordings, 
the positions of the interferometer diagram lobes were determined in time units, the reference 
point being the instant of culmination of each source. 

The effect of irregular refraction on the interference curve manifests itself ina 
deviation of its lobes from their calculated positions. To simplify the processing, we 
took the calculated positions to be those determined’ by averaging over many sessions of 
observations of a given source. Then the irregular refraction at the instant of time tae 
expressed in time units, is defined as Aty = ty - ty,» where t, is the instant corresponding 
to the n-th maximum of the recording; ty is the averaged position of the n-th maximum of 
the interference recording. The angular magnitude of the irregular refraction is determined 
by simple recalculation for each source from the time magnitude 


(Ri dhe <= Atn ks, 


where kg is the conversion coefficient, which depends on the declination of the source. 

This processing method, as in the determination of vertical refraction, does not permit 
investigation of the regular refraction, but only of the irregular components. 

The observations were carried out during the period from 12 December 1958 through 1 
June 1959 in Crimea (latitude of 44° N) using the cosmic sources li&Sted in the table. 
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For each analyzed session of observations, we plotted R; = f(t). Typical curves are 
shown in Figure 5. The time references chosen were the instants of culmination of the 
sources (indicated for each curve). The values of R; are marked on the ordinates in angular 


minutes. A characteristic feature of all the curves is their irregular variation. 
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Figure5. Specimens of curves of irregular refraction Rj(t) for z ~0 — 307: 
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The irregularities can be grouped in two types: short-period and long-period. The 
irregularities of the former type are present in practically all curves and manifest them - 
selves as random deviations in the values of R, relative to the neighboring values. Con- 
sequently, the period of these deviations is less that tyh,; -t,g-. Their amplitude, averaged 
over all recordings, is approximately +1.1. These deviations are not related to the large- 
scale ionospheric inhomogeneities. Analysis has shown that they may be due to the following 
factors: subjective errors in the determination of t; and t, approximately + 30"); distortion 
in the interference curve due to slight industrial and atmospheric interference (approximately 
+ 30"); small-scale inhomogeneities in the ionosphere (during the time of strong ionospheric 
disturbances, the angular deviations may reach several minutes of angle [10]). 

In the presence of irregular refraction one observes during the time of one session, 
as a rule, several periods of oscillation (from 2 to 5) so that their average duration and 
amplitude over the session can be determined. The duration or the period of oscillation 
fluctuates from 5 to 37 minutes, and has a probable value of about 15 minutes. Itis 
impossible to calculate the dimensions of large ionospheric inhomogeneities directly from 
this value, since this would necessitate simultaneous measurement of their velocities. 

We use results of references [6 — 8] (v = 80 — 160 m/sec) to estimate the dimensions. 
Then the dimensions of the inhomogeneities in the direction of their motion amounts to 
dy ~70 — 140 km. If we use the results of reference [9] (v = 150 — 300 m/sec), we get 
accordingly : ~135 — 270 km. Thus, it can be concluded that the dimensions of the 
observed inhomogeneities are 100 — 250 km. 

The amplitude of the oscillations was determined in the same manner as in the measureme! 
of vertical refraction (Section 1). The most probable value of the amplitude of the oscillations 
in (R;) max amounts to about 1.0', with a corresponding slight spread about this value. 


3. COMPARISON OF MEASUREMENTS OF THE IRREGULAR REFRACTION 
NEAR THE ZENITH AND THE HORIZON 


In the comparison of the results of measurement of the irregular refraction near 
the zenith and at the horizon, it is necessary to take into account the following circumstances. 
In view of the probable anisometry of the ionospheric inhomogeneities in the horizontal 
direction (see [11]) we can compare only parameters, such as scale and others, measured 
in the same direction relative to the four cardinal points. A horizontal interferometer 
with a base running from east to west and a vertical interferometer oriented to the sunrise 
or to the sunset make it possible to measure the oscillations of one and the same angular 
coordinate of the source, corresponding to the direction along the ionosphere approximately 
parallel to the east-west line. In this relation, the results of our measurements near the 
zenith are comparable with those made at the horizon. 

Certain doubts can be raised concerning the fact that the regions of the ionosphere 
observed with our two interferometers are different, and are spaced some 1500 — 2000 km 
in the indicated direction along the F-layer. This circumstance is immaterial in a statistical 
comparison of the results, but must be taken into account in a detailed comparison of the 
individual observation sessions. In the last case the comparison was carried out in two 
ways; a) for simultaneous sessions and b) for sessions spaced by the time required for 
the earth to turn an angle corresponding to a distance of 1500 — 2000 km along the F-layer. 

As shown in Section 1, the magnitude of the irregular refraction at z ~85° and’ =1.45 m 
amounts to (R})max 2.5 — 3.0'. This value pertains to the morning hours. The value of 
(Rf)max corresponding to this magnitude, for \ = 5.8 m and z ~85°, calculated from the 
quadratic dependence of the irregular refraction on the wavelength (R, ~A*) is (RP) ~ 
40 — 48'. Furthermore, using the curves of Figure 2 we obtain for } =5.8 m atz a ia 30° 
the values (Ri) max = 6-7 — 8.0' for model I and Ri wns ~0 for modelII. To compare 
these expected values with the experimental value of the irregular refraction at z ~0 — 30° 
and » =5.8m, the latter was determined also for the morning hours. It was found to be 
(Ri) max ~0.9'. This value differs greatly from that expected for model I, but is close 
to that expected for model II. 

An analogous comparison of the irregular refraction at the horizon and in the zenith 
was made for individual observation sessions by the two methods described above. It was 
found that the ratios of the values of the irregular refraction at the horizon to those in 
the zenith were in most cases the same as the ratios of their probably values. In many 
cases the presence of irregular refraction at the horizon was accompanied by an absence 
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of refraction in the zenith. On the basis of the foregoing, it is natural to conclude that the 
large-scale irregularities of the ionosphere have a wavelike structure (model II) and there 
are no considerable gradients in the total number of electrons along the layer. 

It must be emphasized that the calculation of the curves of Figure 2, which serve as 
the basis for the comparison of the results, was made under the assumption that the inhomo- 
geneities are not thick (£< 100km). Let us present some ideas concerning the value of 
£. To estimate Ah, we chose an effective inhomogeneity thickness Y =50km and an 
effective electron concentration N = 1.8 X 106 cm -8. Then the total number of electrons 
in a vertical inhomogeneity column of 1 cm’ cross section is{ Ndk = NE =9x 10". This 

; corresponds to Ah ~0.5 km, which is approximately in agréement with data of other 

_ investigations, in which periodic variations of the height of the signal-reflection level 
associated with large ionospheric irregularities were measured (by soundings from the 
earth): according to [7 — 8], Ah ~0.25 — 5.0 km; according to [6,12] the value of Ah, 
calculated from the angles of inclination of the reflection level (1.— 2°) and from the hori- 
zontal scale of the inhomogeneities amounts to 1 —2 km. Thus, the value which we obtained 
may be somewhat underestimated, and we must therefore assume Ah > 0.5 km. According 
to equation (2) we have Ah ~ 1/L, where L= £& Ne?/2mmf? is the difference between the 
geometrical and optical thicknesses of the inhomogeneity. Since the quantity N ¥ is 
connected with Ah by the reciprocal relationship N ¥¢ ~1/Ah, we must, taking the fore- 
going estimate of Ah into account, assume that N & «<9 10%. Results of rocket investi- 
gations give for N £ , taken over the entire ionosphere, a value similar to >- 5-1013. 
According to reference [13], N~1.8°10°cm 2 and ¢> 350 km; reference [14] 
citesN ~ 1.8-10°cm-* and ¢~ 400 km. 

It is seen from the foregoing data that the value of N £ for the inhomogeneities is 
one-fifth that for the entire layer or less. It must be assumed that the wavelike part of 
the layer is the one with the highest density, near the ionization maximum, since wave- 
like inhomogeneities have been observed from sounding from the earth. * In this case, the 
effective thickness £& =50 km which we have assumed for the inhomogeneities may be 
somewhat too high, but is apparently close to the actual value. 

Thus, the results obtained in the present investigation allow us to make the following 
basic conclusions. The large-scale ionospheric inhomogeneities are wavelike formations 
(Figure 1d, model II) with average horizontal scale ("period") d~ 250 kmand a wave 
amplitude Ah> 0.5 km. Only a portion of the layer with insignificant effective thickness. 
less than 20% of the total effective thickness, is wavelike. Apparently this part is located 
near the region of maximum electron concentration and a geometric thickness ~ <50 x.it 
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STRUCTURE OF ELECTROMAGNETIC FIELD 
OF DIRECTIONAL ANTENNAS ABOVE 
A FLAT EARTH WITH FINITE CONDUCTIVITY 


G.N. Krylov 


Methods are considered for the calculation of the electromagnetic field components 
of a vertical electric dipole and of a vertical antenna with sinusoidal current distribution, 
subject to the condition that the boundary condition to be satisfied on the earth's surface 
is of the surface-impedance type. A rigorous solution is obtained for the Hertz vector as 
well as an expression for the electromagnetic field components of the dipole and of the 
antenna in space. For an exact calculation of the electromagnetic field components, it 
is necessary to evaluate two integrals, for which convergent and asymptotic expansions 
are given. It is pointed out that these integrals can be approximately calculated in terms 
of the Sommerfeld attenuation factor. To calculate the components of the electromagnetic 
field of the antenna, it is sufficient to determine the electromagnetic field of two dipoles 
with specified amplitude and phase, located on the ends of the antenna, and to add to this 
expression a certain term that accounts for the distribution of the current along the antenna; 
this term is expressed with the aid of trigonometric functions. 


Antennas radiating in the direction of the earth's surface are extensively used at the 
present time and are of particular importance in the medium and long-wave bands, where 
optimum signal reception at large distance must be ensured with the aid of the direct wave, 
without reflection from the ionosphere. One of the main factors distorting the structure of 
the electromagnetic field of the direct wave, compared with the field of an analogous 
radiator in free space, is the finite conductivity of the earth. 

It is possible to account for the finite conductivity of the earth by various methods, 
widely used among which are approximate methods of solution with the use of boundary 
conditions of the surface-impedance type. In this case the Hertz vector must satisfy 
the following boundary condition on the earth's surface: 


On, 
0z 


= — ikdn,. (1) 


The use of boundary conditions of the surface-impedance type allows us to disregard 
the electromagnetic field in the lower medium, and to account for it approximately by 
introducing the constant 6. This method can be applied both in the case of a homogeneous 
earth, and in the case of a stratified earth, or even in the case of an earth having arbitrary 
electric properties that vary with depth, provided the quantity 5 is assigned suitable values. 
The question of the choice of the value of 6 has already been considered in the literature, 
[1], [2] and we shall consider this quantity to be known. 

We proceed to find a rigorous solution of this problem and to a derivation of the final 
equations, without introducing any additional restrictions whatever. We assume that the 


Hertz vector is the sum of the "incident" field and of the field "reflected" from the earth's 
surface 
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where 0 is the distance from the dipole to the receiver along the earth's surface, h is 
the height of the dipole above the earth's surface, z' is the height of the point of observation 
above the earth's surface, and k is the wave number in air. 
To determine the unknown function R(A) it is necessary to use boundary condition 
n+ ikd 


n{t—nR(A)] = —ik6 (1 -- nR(A)], Rh) = ae 


from which we obtain the rigorous solution of our boundary value problem in the form 
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where 
R=VpP+2?; Ry =Vp?+ (2 —h) 


After differentiation we can determine the components of the electromagnetic field of a 
vertical electric dipole 


B= B+ Dia Ep = Dix; Wy = Dyn, (4) 
where 
i, mone 
Pe= Tay) Pe = apy 
To differentiate the integral I with respect to z', we can use the following relations 
gikR : 
ty, R =O es ae (5) 


which are obtained after differentiation under the integral sign and after carrying out an 
identity transformation. 

Let us proceed now to a determination of the components of the electromagnetic field 
of a vertical antenna, located from h = h; to h= hz, the current in which is sinusoidally 
distributed, j = kjo sin, where Y = kn + b (bis a certain phase constant). In this case 
the Hertz vector and the components of the electromagnetic field of such an antenna can be 
obtained in the form 


he 
= \ a, sin p dh; (6) 
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hy 


Et= 22 (1 - D')a% ES = Dine HG = _ Dan’. (7) 

The Hertz vector obtained for the vertical antenna can be expressed in form of definite 
integrals, which are not taken in terms of elementary functions and which do not reduce to 
the previously derived integralI and U. However, after the differentiation required to 
change to the components of the electromagnetic field, we can express these components in 
terms of elementary functions and of the integrals I and U. For this purpose we first 
integrate over the height of the antenna and change over to the components of the electro- 
magnetic field in the terms outside the integrals in the expression (3) for the Hertz vector. 

If we change to the vertical component of the electric field He in the terms under the 
integral sign, carry out differentiation under the integral sign, and then integrate twice 
by parts, the integrals cancel out, and we obtain 
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On going to the horizontal component of the electric and magnetic fields, it is necessary 
to make a change of variable in these integrals [R+ (z'+ h) =wor R; + (z' -h) =4y], after 
which the parameter 0 will enter only into the integration limits and the differentiation 
with respect to 0 will give an expression in terms of elementary functions: 
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Let us now proceed to a determination of that part of the components of the electro- 
magnetic field, which correspond to integration of the integral I over the height of the 
antenna, and let us carry out the integration under the integral sign. If we then carry out 
the operation 1+ D*%, also under the integral sign, we arrive at the sought-after repre- 
sentation for the determination of the vertical component of the electric field of the an- 
tenna: 
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To determine the horizontal component of the electric and magnetic field, it is necessary, 
after integrating over the height of the antenna, to transform the integrand and to expand 
it into simple fractions, and then use the identity 


kD, \ Me) ene dd = So: 
Hence nC 
kD, \ sin pl dh = — {(cos ¢ + id sin g) U — 
ny 
eikR 
—i {sing (1 + 16D,) + cos p (DP, — i8)] D, = (14) 
and 
kD3, \ sin gl dh = 6’ {(cos p+ idsin g) tdU + 
hy 
+ i [sin g (D, — id) — cos (4 + i6D.) sale i?) 


where 5' = 1/(1 - 6”). 

We have obtained all the expressions necessary to represent the components of the 
electromagnetic field of the dipole and the antenna. To calculate the components of the 
electromagnetic field of the dipole we can use the following expressions: 


ekRy 


; aed eikR 
E,=k {a + Di) — — (1 — Di 2i6D,) = + (10) 21}, 


(16) 


B, =1{D%,| oe Seal eit y (17) 
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Analogous expressions are obtained also for the components of the electromagnetic 
field of a vertical antenna: 


ee a ie ,ikR ikR, ” f ) [he 19 
eH {(cos@ +-sin gD.) |“ = | (cos p + id sin @) aT 3 os 
=a 2. A 3 ekRy , 
Lig = kj, ) —i(cosp+sin g D,)D, <— + 6, (cos@ + idsin g)U +- 
igh ‘ ikR ) jhe 
+i [sin 9 (6D, — 3,) — cos @ (8 + 6 P.)] Dee 5 (20) 
p 'hy 
ike ikR, 
HG = “op Jo | — # (cos ¢ + sing D,) = : — 26’ (cos @ -- idsing)U + 
: F P ikR ) \he 
+ i [cos (1 — 6D, +- 26’ D2) + sin @ (do -- 8D.) Dz) — : \ ; (21) 


hy 


where 6 = 6'(1 + 6); 61, = 2i66'. 

It is easy to note that the components of the electromagnetic field of the antenna can be 
directly expressed with the aid of the components of the electromagnetic field of the dipole. 
For this purpose it is sufficient to express the integrals I and U in expressions (16) —(18) 
in terms of Ez, Ep, and Hy, and to substitute them in lieu of I and U in the expressions 
(19) — (21). After making these substitutions, we obtain 


Ez = Jo(ArE2 + By) ae 
He = Jo (Aakp + Bs) ly; = fo (Ante + Bs) hi» (22) 
Jokes = i (A,E, ake By) te = is (AH, al B;) ie 


where the coefficients A; and B; are expressed in terms of trigonometric functions. 

Thus, we can reach the conclusion that in order to determine the components of the 
electromagnetic field of a vertical antenna it is sufficient to examine the radiation of two 
dipoles, located at the ends of the antenna, the amplitudes and phases of which are de- 
termined by the coefficients Aj, and to add the term corresponding to the members out-~ 
side the integral signs and expressed by means of elementary functions. 

The author has previously obtained convergent and asymptotic expansions for the calcu- 
lation of the integrals I and U in the case of an earth with arbitrary electric properties, the 
argument 6 can change over a broader range than in the case of a homogeneous earth, and 
this leads sometimes to the appearance of an additional term in the asymptotic expansion 
(the Stokes phenomenon). It can be shown that in the case of a homogeneous earth this 
additional term is always absent. Therefore it is seful to cite in the present paper 
(without proof) convergent and asymptotic expansions for these integrals with allowance for 
the notation introduced here. 

To calculate the integrals I and U for ''small" values of the initial parameters, we 
employ the convergent expansions 


Fe eikR 00 2ikR co 
[ sn es +h >) Ba = Dp = = hs Ce. (23) 


n=0 en" 

where the coefficients By and Cn are conducted by the recurrence relations 
ate (982)? L Mt ; 
cea (n SE DN 1B recs a M, [ikkR (n + 1) +- (kz)*), 


a (kp)? 2kodt 
Cnte paeD Cn n(u-L 2) Cn—2 n(n-+ 2) Boo + 


(24) 
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+ i [(ikR ++ 1)(n + 1) + (2)*] 2 Ma, 


(25) 
__ 184 (ik82) gas 
Ts ieee ge ale 
The initial terms of these recurrence relations can be represented in the form 
By = ida(ke; kp)e, Cy =(i— ee) Br — aoe B 
Oar a ( aa} kp) e ) 0) a kR 6p ad kod? 2) 
26 
ie es i62eikKR—ikd2 Ca = i+ Be ( ) 
163 ; kpd? 1, bk 
B, = —-> (iz icp) Cutt? Co 5 Byo— ae B,, 
8 oo ; : 18% 
B; = — =| [2ikR — 2 + (kz)?] 155 Cy =i4, Bs— py Bi. 


The calculation of the coefficients @ and 8 is considered in reference [13]. 

For "large" values of the initial parameters, it is necessary to change over from an 
evaluation with the aid of asymptotic expansions, but the forms of the asymptotic expansions 
depend appreciably on the argument 6. The initial expression for a derivation of an 
asymtotic expansion is the representation of the integral I in the form 
is + ikde —ik8z sale Ulin 

K(R + Le Sera 


and an asymptotic expansion (by the method of steepest descent) can be obtained, for example, 
by integration by parts. The steepest-descent path will in this case be a line drawn from 

the point y; = k(R+6z) to im parallel to the imaginary axis, and the form of the asymptotic 
expansion depends on the position of the branch point relative to this line. Two essentially _ 
different cases are possible, depending on which of the inequalitiesRe k[R + 6z—pV1—8] [0 
is satisfied (Figure 1). It is convenient here to make the cuts on the complex plane of the 
variable U parallel to the imaginary axis. 

Figure 1. Position of contour of integration 

as a function of the magnitude of the surface 
impedance. 1— region of applicability of 
convergent expansion; 2 — region of appli- 
cability of asymptotic expansion with sepa- 
rated supplementary term; 3 — region of 
applicability of asymptotic expansions without 
separation of the supplementary term. 


If the inequality Rek[R+6z—pV1— 8] >0 is satisfied, the steepest-descent path 
passes to the right of the cut, and integrating by parts we obtain for the integrals I and U 
the asymptotic expansions (Figure 1a). 


l=kl', V=kvU’', (27) 
F~eith yy (4 —8 Mn), OS 
n=1 4 
U' ~ (i — dys) HT’ — 228 gine POU in s W,, os 
na=1 
where the coefficients Vy and Wy, are connected by the recurrence relations 
Vn = [— ty (20 — 1) Vn + (9 — 1)? Va] Ys» 
Wr =(—ty (tn —1)Wraet (n— 1)? Way —t (2n — 1)Vn-4] x2 — 2bys Vy (30) 


The initial terms of the relations are in this case equal to 
Vi=—ty, Wy= iy? (28y2y, — 1), 


Via= avy Ue Yer W, = 6V,W, — 26y3, Ys =k(dR-+- 2), yo = yst. 
3 ( ) Y2= Ye (31) 
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However, if the opposite inequality Rek(R-+6z—pV1—8 <0 is satisfied, the steepest- 
descent path passes to the left of the cut and deformation of the initial contour of integration 
is therefore, necessary, as shown in Figure 1b; this leads to an additional term, corres- 
ponding to the integral along the cut. The integral along this cut can be readily calculated 
_ and is equal exactly to the surface wave obtained by Sommerfeld 


I = kl — 2kdme—* Hy (kp V1 — 82), 
(32) 
U = kU’ + 2khdn V1 — & eit H, (kp V1 — 82). 


The question may arise of which of the foregoing asymptotic expansions can be used 
when Rek(R-—-6z—pV1--6*)=0, since in this case an additional term appears in the 
| asymptotic expansion. It is found that in this case both asymptotic expansions are valid, since 
Imk(R + 62 —p V1 —68*)S+1, that is, the exponential factor under the integral sign is 
sufficiently small near the branch point, and the magnitude of the additional term in the 
asymptotic expansion is of the same order as the error in the asymptotic expansion itself. 
If it is found that Imk (2+ 6z—p V1 — &) ~1 and the additional term is sufficiently large, 

_ corresponding to the case when the lower limit of integration is close to the branch point, 
we cannot use the asymptotic expansion, but must use the previously obtained convergent 
expansion. 

Thus, if the inequality Rek(R + 6z:—pV1—®8?) <0is satisfied, an additional term 
appears in the asymptotic expansion, corresponding in form to the Zenneck surface wave. 
The phase velocity of such a wave is always less than the velocity of light, since the in- 
equality Re V1—62>1 is satisfied. Another important property of such a wave is that, 
if it exists at all, it is only in a limited region of space, since as the parameter z increases 
the inequality Rek(R-=6z—pV1—6*)<0 is no longer satisfied, , that is, such a wave 
"exists" only near the earth's surface. As is well known, the separation of the term 
corresponding to the Zennec surface wave is independent of the parameter z and, as has 
been shown by several authors (see, for example, [4]), this term does not satisfy the radia- 
tion condition. In our case, if the source or point of observation is raised above the earth's 
surface, the need for separating this term drops out, and consequently, its separation has 
nothing in common with the Zenneck surface wave. 

To calculate the integrals I and U, we can use also the approximate expressions of 
the attenuation-factor type, as is done in reference [5], 


“ie ea ite) . & , (33) 
Fotp-|1+2Varcm | ede |; U=(i mga) el 
= Vs 


where 


ikOR ( R\?, 1 A 
m=z (4) s=%(t+ gz) « 


However, using the attenuation factor, it is necessary to bear in mind that the asymptotic 
expansion will have a different form, depending on the sign of the imaginary part of s 


eikR (2a — A) Wie 
Po ! Vie > ae |; ImVs>0 (34) 
and 
= ikR ee One ile eee rhe = 
Isr |b Viet Drea ne Vata) Sats <0 a 


The exact expansion for this integral does not depend on the imaginary part of s; it 
is given in [5]. 
In conclusion, the author considers it his pleasant duty to thank G.I. Makarov for 
interest in the work and for much useful advice. 
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A METHOD OF CALCULATION 
OF CHARACTERISTIC MODES AND DISPERSION 


IN STRAIGHT AND BENT 
WAVEGUIDES OF COMPLEX CROSS SECTION 


A. Ya. Yashkin 


A method permitting separation of variables is described for the integration of a wave 
function in a complex step region, inwhich the steps are formed by closely-spaced coordi- 
nate surfaces of a certain orthogonal system. It is shown that for an N-step region inte- 
gration of the wave equation is reduced to a solution of a system of N-1 homogeneous inte- 
gral equations. As an example, this method is applied to stepped waveguides in a circular- 
cylindrical coordinate system. Toa first approximation, the characteristic modes and 
dispersion are obtained for straight and bent waveguides. 


INTRODUCTION 


In all problems of waveguides having a complex cross section, the main difficulties 
are connected with the necessity of a transition from a formal solution to a form which 
allows us to carry out numerical calculations. In the simplest cases, when the complex 
region can be represented by two simple regions, the problem is easily solved. [1,2,3]. 
The author proposed a method for the calculation of straight waveguides having a complex 
cross section in a Cartesian coordinate system [4,5], based on the representation of a 
complex cross section in the form of a set of N simple (rectangular) regions. A generali- 
zation of this method enables us to make a similar calculation in an arbitrary orthogonal 
system permitting separation of variables. Proceeding further to a calculation of the 
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-eritical frequency and propagation constant, we note that the determination of these parameters 
is related to the calculation in a complex region of the characteristic modes of the wave 
equation, soluble under specific boundary conditions. 

According to the perturbation method [6], insignificant deformations of the region of 
integration of the wave equation lead to an insignificant change in the characteristic mode 
of the equation. On this basis, one may always reduce the complex region by small defor- 
mations to a step form, while the values of the characteristic mode and consequently the 
critical wave and propagation constant, do not change noticeably. As steps we can choose 
coordinate surfaces, a procedure which significantly eases the transition from general to 
specific expressions, enabling us to carry out numerical calculations. Thus, the calculation 
for a waveguide of complex form is reduced to the calculation for a waveguide of step form. 

In the study of straight waveguides it is natural to take the axis of the waveguide as one 
of the coordinate axes. Hence, there arises the necessity of choosing from the various 
curvilinear coordinates qi,q2, q3 the generalized cylindrical coordinates with the Cartesian 
axis qi =Z. In this system it is also easy to give a calculation for bent waveguides. The 
metric coefficients for the generalized cylindrical coordinates are such: 


hy, =— 4b hy = hy (92, qa)s hy = ts (qe, qs)> (1) 


that they automatically ensure fulfillment of the condition of splitting the Maxwell equations 
into TE and TM types relative to the Cartesian axis q, [7]. 

Expressing the components of the field in terms of electric Iz and the magnetic IIj, 
potential functions [8] and assuming the field to be harmonic in time, we see that each of 
these features must satisfy the three-dimensional Helmholtz wave equation (under the 
appropriate boundary conditions [8]) 


OUT yt, {6 fis OM"), .0_t hy Ot 
ee satan ee ee ere xe 2 
Gq, © Raho ana he O93) ' 895 \ hs O95 )| =o ell == 0, (2) 


where ¥% is the propagation constant in free space; €, is the dielectric constant and per- 
meability of the medium filling the waveguide. 


1. INTEGRATION OF THE WAVE EQUATION FOR A STEP REGION IN 
CYLINDRICAL COORDINATES 


1. General part. The three-dimensional equation (2) with the substitution 


decomposes into two equations 4 
PZ aa 
ber +7’°Z=0, (3) 
4 @ (hs OM B-cAlis oO luke tarcoe ; 
hishs be G Tees 0qs ee 093 )| P MTL = 0, (4) 
where 
ceive aemag (5) 


is the characteristic mode of the two-dimensional wave equation (4); is the separation 
constant of Eq. (4) can be formed in analogy with [9] in the form 


= = Tifs(q2) fs (42); t= 2, 3, (6) 

functions depending only on a single variable; T; is a function which is 
pee of Frail di> but ae depend on the second coordinate; although aoe 
(6) is not general, it encompasses all the systems of practical importance, with we 3 
known functions. Since our problem is the creation of a suitable method of numerica 
calculation it is not appropriate to use coordinate systems in which the functions se ace 
little known. By determining the ratios h3/hz2, hz /h3, expressing the products as the ha 
sum 
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: =: 
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be (h3T 2 ao he T's) (7) 
and assuming {1 (qs, 93) = X (gz) Y (qs), we transform Eq. (4) into the following form 


‘ee a hdl weed 4 @ dY (IER on lie 
| | 2 as : one 8 
Ts/2X ds \fe de } " Tefs¥ dqs (7s dq3 ae ae ue ke 0. ( ) 


For all systems of practical importance, the following condition is fulfilled 


1% 4 
5 lz a 82 (J2) — 8s (Qa): (9) 


For this condition Equation (8) decomposes into two equations (if we introduce the separation 
constant yw). Together with Equation (3), we obtain a system of three ordinary differential 
equations, resulting from the decomposition of the three-dimensional wave equation; 


LEE iste Trt 
tia aa (3) 
ee ee yr k 
Tis agi (Pt age) + (2? —w) X = 0, an 
i d +dY = . Se 
Tofs qs (1s a) + (u — gsk ve 0. (11) 


The general solution of Equation (3) has the form 
Z (qi) = Cye“#kU + Cyt ira, (12) 


where C;, Cz are constants of integration. In Equations (10), (11) K =K,, has discreet 
values, has discreet values, because it is the characteristic mode of the wave equation (4); 
according to the Sturm-Liouville theorem the characteristic modes constitute an infinite 
series 


hie Kesey mea em 


which correspond to the characteristic function 
Diy Jina coll Gain aon - 
which form a complete set. On the other hand, the parameter yw in equation (10) ,(11) is 
the eigenvalue of these equations, and therefore also forms an infinite series of values 
Hy, Ho,-++yUny eee y 
which correspond to the characteristic functions 


Xinas Minato) cand ak LOK, Causation (L.0)| 


Y muy Yinavinse » Voaniesshe Jtorvequation (1)| 


It is important that the functions Xmn (as well as Yyn) form a complete orthogonal 
set for a fixed m, so that an arbitrary function F2(qz2) or F3(q3), continuous up to the 
second derivative over the range of definition of Xmn(Ymn), can be expanded within this 
range in a series with respect to the characteristic function Xmn(Ymn). Since equations 
(10), (11) are second-order linear differential equations, the characteristic functions 
Xmi, Ymi are in general linear combinations of two independent solutions, i.e. , 


1 2 
Xmit= Xm + BmaXtets Yai = Yi + Cmi¥ 


2. Straight waveguides with a step cross section. The arguments given below are 


valid for waveguides with an arbitrary number of steps N, but Figure 1 (or Figure 2), which 
illustrates the cross section of the waveguide, necessarily has a finite number of steps (N = 4). 
As mentioned above, we form the particular coordinate surfaces qz =const, q3 = const. 
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When considering a wave propagating in the direction of positive q,, it is necessary to 

set C2 = (in (12). In this case yis a constant of propagation along the axis of the wavelength 
_ and can be determined from Equation (5) if the magnitude of k is known. 

In the critical case y = 0 we have 


yen = R*, 


hence, the cutoff wavelength is 
heise V0tl 


Thus, the problem of calculating the critical wavelength is reduced to that of establishing 
the eigenvalue of the two dimensional equation (4), given in the stepped region. Let us 
consider the region depicted in Figure 1. We will separate this complex region into a number 
of simple regions, bounded by coordinate surfaces. The boundary conditions in each region 
are determined on the surfaces qz =bo, b; as on metallic walls with infinite conductivity. 

On the surfaces q3 = const (excluding the edge regions i = 1, i = N) the boundary conditions 
are still undetermined. 


Figure 1. Figure 2. 


The solution of wave equation (2) for the stepped region of Figure 1 is given piecewise 
for each "simple" region, while requiring that it satisfy the boundary conditions on a stepped 
contour and be continuous at the boundaries of separation of the simple regions. 

The particular solution of wave equation (2) for the i-th simple region has the form 


eee = Aimnamn imei. (13) 
By applying the boundary conditions to the walls of the waveguide qz = bo, bj; and treating Ki 
as a parameter, we find a discrete series of eigenvalues My) should also be eigenvalues of 
equation (10), but a certain arbitrariness exists in the determination of the characteristic 
function Yjmn, because the boundary conditions at q3; = const are still not given. Using this, 

we will consider the characteristic function Yjmn as dependent not only on the coordinate q3, 
but also on a certain parameter 6j, which, together with the magnitude of ky is determined 
from the condition of continuity of the field at the boundaries of separation of the simple 
regions. We note that 6; for the first and last region can be determined from the condition 

at the walls q3 =qo, dy- Thus the particular solution for the i-th region should be represented 
in the following form: 


Tlimn’ = liars) Crea (43; 6) Gran (q2) ei, (14) 


We will represent the potential function corresponding to the eigenvalue k,, (the same for the 
entire region) in the form of an infinite sum 


©} 
Die = > Aimn rar (q35 6:) Ximn (qe) e—4va, (15) 
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each term of which describes a wave traveling in the direction of positive q; ; the phase 
velocities of all the particular waves are the same (since km are the same), but differ in 
the number of half-wavelengths laid out on the distance b; - bo and differ in the field dis- 
tribution along the q3 coordinate. 

We now require that the functions IIA, guarantee the continuity of all the components of 
the field at each line of separation of the simple regions (q3 = 41,42... , ay -1)- It is not 
difficult to see (see Appendix) that for the TE mode ( and we limit ourselves to a considera- 
tion of only this type of wave) the continuity of the field components at the boundary of 
separation of the i-th andi+1-th region (q3 = aj) is quaranteed upon fulfillment of the 
following conditions: 


Thim == Ti-t2y ms (16) 
all, all, 
im a i+1,m ii 
0qs Gg, (17) 
which lead to two equations 
> Agan Vaimn (ai, 6;) Aimn (q2) = > Agena! tet: mn (a, 6:41) Xia, mn(]2); 
. ae (18) 


>) Aimn Yimn (a, 31) Xma'(qs) = >) Ait, mn Yuu mn (Gi, 9441) Xi44, mn (Ge) = 


n 


= Fi(q2) ~ Eq, (19) 


where the dashes in Y designate differentiaion with respect to q3;. As we see, equations (18) 
and (19) no longer contain a term which determines the dependence on the coordinate q;. This 
was found to be possible because in each particular wave such a relation was expressed by 

a factor, identical for all waves. 

The left and right-hand sides of equation (19) were compared with a certain function 
W;(q2) which was unspecified until now. The proportionality of ¥j to the field components 
Ege follows from the relationships of Ij, to the field components. But because of this 
relation, the functions¥j(qz2) should become zero on the conducting branch bj+, - bj, which 
we will take into consideration hereafter. 

Assuming the function Wj (qz) to be continuous up to the second derivative, we can 
consider equation (19) as an expansion of ¥j(qz) in a series with respect to the characteristic 
functions Xjmn over the interval bo, b; and with respect to the characteristic functions 
Xi+1>mn Over the interval bo, bj + 1. These are intervals on which the functions Ximn, 
Xi+1, mnrespectively are defined. Since the functions X form a complete set, it is entirely 
possible to expand a given continuous function in terms of them. From these expansions 
(assuming bj+1 > bj) it follows that 


by 


= 1 
Amn = 7s )¥@ Xtma (E) dé, (20) 
bid 
Atti, mn = >—— | ¥s(6) Xe4a. mn (8) 08 = 


i+1, mn (45 8:44) b, 


b5 
1 
Eee \ Ws (E) Xega, mn (B) a8. (21) 
Contraction of the interval of integration in equation (21) is caused by the vanishing of 
wWi(§) over the entire segment bj+1 - bi. If we assume that bj + 1< bj, contraction of the 
interval of integration occurs in equation (20). Below we will indicate two values for the 
upper limit of the integrals; in the calculation one must abandon the small ones. 
Substituting the resulting values of the coefficients in equation (18), we obtain a 


670 


homogeneous integral equation with respect to the function yi 
i+) 


Vi(§) Pi (qe, 6) db = 0 (22) 


Seals 


with a symmetric kernel 


~ Yimn (a 4;) .. 7 
Pe(day 8) = Di pr Xin (2) Ximn (8) — 


Cea. 


i+1, mn (4;, 5:44) 


no Vapi (Op O99) Xt2, mn (G2) Xt, mn (6). 

The expression Yi), mn/Y itt, mn = Ctizs, mn (di, 6:4,) Should be called a large generalized 
cotangent. In the Cartesian system this expression transforms into an ordinary cotangent, 
in the cylindrical system — to a radial cotangent and in the spherical system — to a spher- 
ical cotangent [11] etc. 

If the stepped cross section is divided into N simple regions, equation (22) denotes a 
system of N-1 integral equations. This system contains N-1 unknowns k,, 62... , 5N-1 
occuring in the nucleus of the equation. Since the integration and differentiation in system 
(22) is not performed over a single one of the unknowns, each integral equation of the system 
can be solved independently of the other equations. As a result we obtain a system of N -1 
algebraic equations in the N - 1 unknowns indicated above. 

The Bubnov-Galerkitz method can be used to solve integral equations (22). In this 
method the unknown function ¥;(&) is approximated by linear combination of the V-th number 
of functions which form a complete set when v > and satisfy the boundary conditions for 
the Ege field components, 


Wi (8) =Bapin (B) + - «+ Bivis (8). eel 
The coefficients Bi; of this sum are determined from the system of homogeneous equations 
Dy Migs b= 1725 oa Ny (24) 
j=) 
where 
D4 (Dita) 25 (ita) A 
Min =Mus= \ |) iy (&) Pe (des 8) 5 (gs) dana. 25) 


by b, 
Writing the condition for a nontrivial solution of system (24), we obtain 


MiyMie...Miy 


= 0; i=1,2:..,.N—14. (26) 


Min Mine cee Mivy 


Equation (26) represents the final calculated system relating the dimensions of the 
stepped region to the eigenvalue km (and to the unknowns 62. . . 6n-1). Since the functions 
X, Y are known in actual coordinate systems, calculation of (26) is possible. In a practi- 
cal calculation, it is expedient to choose approximating functions which even in small numbers 
sufficiently reproduce the function W; (€) and allow calculation of integral (26). One may 
choose as such functions the set of characteristic functions Xjmn (OF Xi+1,mn_ if bj+1< bi). 
Such a representation is suitable because of the orthogonality of Ximn> Xjme> all the integrals 
in (25) for which n # s, vanish and the final expressions acquire the simplest form. 

After solving equation (26) for the unknowns km, 6j, it is easy to calculate the coef- 
ficients Bij from system (24) and the functions wi from (21). Furthermore, after finding the 
coefficients Aimn, Ai+1,mn from relations (20) @1) one may determine the characteristic 
functions Ij; for each simple region. So we have solved the eigenvalue problem for the 
wave equation given in the step region (Figure 1). 

The problem for the region shown in Figure 2 is solved by a method of subdivision 
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analogous to the above, because the functions Y on which the expansion is based, as well as X, - 
form a complete orthogonal set. 
3. Bent waveguides having a stepped cross section. If we assume that in this general- 
ized cylindrical coordinate system, the wave is propagated along the curvilinear coordinate 
qz, we arrive at the problem of a bent waveguide, the bend of the waveguide being in the 
general case, nonuniform (i.e. having a variable curvature). By dividing the stepped cross | 
section into simple regions, one may write out for each region a general solution of the three-_ 
dimensional wave equation (2), just as before, in the form of an infinite sum, [equation (15)] . 
But now each term of this sum is an individual wave with its law of propagation in terms of 
the gz coordinate. Thus, the aforementioned method of calculation of stopped waveguides, 
based on the concept of a field inside the waveguide in the form of an infinite number of 
individual waves, having a simple law of propagation, cannot be applied to the general 
case of a bent waveguide. The exception is a uniform bend considered in the circular- 
cylindrical coordinate system. This case is discussed below. | 


2. SEVERAL APPLICATIONS 


An application of this method of calculating transverse and longitudinal waves in complex 
waveguides in a rectangular coordinate system [8] can be found in [4,10]. We will discuss 
an example of the application of the method in a circular cylindrical coordinate system. 

In the cylindrical system q, - Z, qz2 =r, q3 =, when we take into account the values of 
the Lamé coefficients and designating u = p?, take the form 


27, 
a+rZ=0, (3) 
aX  1dX P 
Page) get ele et ye 
ay 
+ PY =0. (28) 


The solutions for each equation of this system are known; therefore, the potential function 
Il’ = XYZ has the form 


Il" (z, 7, p)-== A [Jp (Ar) + BN, (kr)] (Dye? + Daewu?] x 
¢ [Ce te Coear et, (29) 


where 
[eel Gee 


1. Straight waveguides having a stepped cross section. 


Assuming that the wave is propagated in the direction of 
positive z, one must set Cz= 0 in equation (29). We divide 
the cross section of the waveguide (Figure 3) into N = 4 
simple regions in the form of segments and represent the 
potential function of an infinite sum, any term of which is a 
solution of the wave equation in the r,@ plane, corresponding 
to the same k value, but different p: 


MI; eudboR dines > in (2,7, @) = > Ain [J pz, (kt) + 
n=0 n=) . 
+ B iN a (hr)] [By sin pine + By cos ping] ewF". (30) Figure 3. 


Pin 
Limiting ourselves to a treatment of an H type wave, we apply to II;, the following 
boundary conditions at the infinitely conducting walls: 
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This gives the following values ot the constants 


: Jey (RRA) 
B= 0: Pas = 0, ee BA ee 1 } 
; vi Vion (Rt) 
J... (KR) 
By, = — =" (31) 
INN ee , . 
Nox, (ER) 


_ If we denote the coefficient Bp;,, for an arbitrary i by the ratio 
| 
J yin (Oi) 


Nites ne hee ira 
Nps (k6;) 


Lb 
: 
_ according to (31) we have 6; = Ri, 6n =Ryn+i =R; the remaining 5j are determined from 
the continuity condition on the lines r = -R2, R3.. .RN. 

Substituting the values of the constants into the expression tor the potential function 
(30), we obtain 


) co 


Th; (2, 7, ) = AinZp,, (kr) + y AinZp;, (kr) COS Pine, (32) 


n=] 


where 


Zo,, (kr) = J p,, (kr) + Bo; nin (RT); (33) 
Jpin> Npin are the Bessel and Neumann functions of order p. 
Applying to Il;, [lij, , the conditions guaranteeing continuity of the field components at 


the boundary r = Ri+1: 


Oe ee To @ 
we obtain two equations A. 
A ioZ pig (AR; a) 6 > BinZp,,, (kRi4 1) 608 Pin? = 
n= 
‘ 35 
= Aj ee i149 (KRi+1) -+- a EArt nL; i, . (ARy 14) cos Pin, n®, ( ) 
n=1 


AinZpig (kRixs) + Dy AinZ nj, (RRi41) 608 Pin® = 
at (36) 


0 (Ripa) + > Ais, oye, n (ARi41) COS Piyt, nf = Fi(@) ~ Eg. 


n=1 


= Ait, o% 


Pi, 
Determining the coefficients Ajyn, Ai+1,n from (36) and substituting them into (35), we 
obtain the integral equations 


5 (F444) - 
F,(&) (Qi (E, @) +: Giol dE = 9, (37) 


in which only the larger of the two values may serve as the upper limit. The nucleus of 
equation (37) has the form 
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eb, (ki. 4) KO;) 
Qi (§, ¢) rs Ma Rar ee COS Pin COS Pin — 
n=1 95 
LSet (KR; Owe) 
> wet 22 COS Dist, n& cos Pip, nfs 
n=1 Pi 1 
: Cb, (KRi 44 k6;) tty. , (KRi a KO; 15) 
Cin = base : 
10 Q; Pit | 
7 
where ‘ 
Zp (ER, y) 
Cty... (ARi+4, k6;) ee 
j Lie (ER; 4) 
gn 
J pin (KR; 44) Nain (#6 ;) — Non (KR; 4) Jinx n (k6;) a 
pin (KR; 14) Nona (K6;) — Nin (KR, +4) Jon (k68;) P 


in analogy with [11], we designate the larger radial cotangent by the index pjp. 
Applying the Bubnov-Galerkin method to solution of equation (37), we obtain a system 
of N - 1 equations which relate the dimensions of the stepped cross section to the unknowns 


ns 52,63. oe 6N-1; 


Gin, Gite Gay 

| eS a ea eee ee eens (39) 
| a1 Give Cos, 

where 
Py (ify) i (i544) 
Grin 9 | Wi(Qi(Es ©) + Qiol YodEdg; j= 4, 2,...,; 
0 0 
idle eo Bing AE 


Yj; vo are the approximating tunctions. 

To a first approximation (~; =1) the calculated system (39) will consist of two forms 
of equations corresponding to the two possibilities (j+1 > Pj, Pi+1 < GQ): 

When j+1 > Gj 


ip 


Q; 
cbr (Ri 41, 0)) = [oto o AR isa bogs) + 


©o 


eee (SIN Pity, nPi 1 
4-2 > Cty, ‘ (kRiaa, k8i44) ( teat) | ’ 
I : Pitt, nPi 


(40) 


when +1 < i 


9; 
Chey (Reig MO y1) = ar {to (Rigi, hOy) ++ 


sin P;.Q1, \> j 
a) Dy hp, eet kb) (- Sicha \. bas 1, 25..0cypeeee (41) 
n=] Pin Pity j 


the system of equations (40), (41) is characteristic, because it relates the dimensions of 
the cross section to the critical wavelength (k = 2m/r ee 

It is easy to show, by using the asymptotic expressions tor the Bessel and Neumann 
functions with large indices, that the radial cotangents in equations (40), (41) decrease 
sufficiently rapidly, so that the terms in the sum decrease with a rise in n no slower than 
1/n?. This fact is of great value in numerical calculations. 

2. Bent waveguides. Let the cross section of a bent waveguide have the form shown in 
Figure 4. Let the bend occur in the H plane (electric type wave E, # 0, H, = 0), the wave 
in the waveguide is propagated in the direction of positive @ [D, = 0, see equation (29)] . We 
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divide stepped cross section into N = 4 simple regions and represent for each region (taking 
into account boundary conditions at the walls of the waveguide) the potential function in the 
form 


he 


Thy = AioZp (kor) + >} Ain 008 SinzZp (tar) ei: 7= 41, 2,..., N, (42) 


n 


ll 


1 


where 


Zp (Xin?) = J (Xin?) ={= ByNy (inl); 


p is the constant of propagation of the wave inside the waveguide 
on an arc of radius r; 


nit ¢ 9 2 » 
Sin =F N= 1,2,..5 = Vast, (he = Rem); (43) 
J, (Hin) 
Wee) ep ent 
Bi — a i ay (44) 


wherein from the boundary conditions for the first and last region, 
it follows that 6; =R, 6, =Ryyy- All the remaining 6; are 
determined from the continuity condition on the lines r =R2, R3 . 
.... Ry. Applying to Mj, j,, conditions guaranteeing continuity 
ot the field components on the line r = Ryi4 


oe? \ * oO? ay * C 4 
(ge KG) Mi = (gee or HG) Migs = @i(z)~ Ez, (45) 
on; aT, 
oF a alae ae (46) 


we obtain two equations, from which we obtain in the usual manner the integral equation 


bj (i441) 
\ @; (&) [Pi (&, 2) -- Pin] dE = 0, (47) 


0 


in which one must use only the larger of the two indicated values as the upper limit. The 
nucleus of the integral equation (47) has the form % 


= ek CHM %indi) 
Pi (&,2) = > B a aa BELEN OS'S ¢ COS Sins —— 

n=1 iWin 

<i 2et (% R, 4%; 6544) 

>) EE EEE. C08 Sig, n§ COS Tip n Zs 

ea i17%-+1, n 

- Cty (KyRi sys dj) Cb Hou ys Modis) 
a kod; kb; +1 ; 


where 
Z(«,y) J.,(x) N,(y) —N, (x) J, (y) 
~ Tabs p Pp Pp p 
c(t #) = Zea J,@N, WN, @, w) 


is the radial cotangent of indices p. 

Applying the Bubnov-Galerkin method for solving integral equation (47) and limiting 
ourselves to the first approximation, we obtain the calculated system@ =1, 2....N -1) 
which relates the cross-sectional dimensions of the waveguide to the unknowns ko, 62. . 

.-. . On_1 (it is treated as a parameter ). This system consists oft two forms of equations, 
corresponding to the two possibilities (bj > bj+1 > bj <bi+1) 

When b; > bj+1 

chy (ko fits; hipdi41) = , 
ini say %indi) i Sinbiny | \ (48) 


%in : TAOS 


b. . ee ere (% 
Te: fotp (Rois ible he Dy) 2 


i n=1 
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When b; < bj+1 
Cty (Ko, Riva, hoi) = 
for) , 2 
b, Cb (hia mia pig, moi. | Si Sa anes (49) 
= b g sets Gio cots hp di+1) = 2ko Sy eats = aise si (= ge ) | . 
i44 


n=1 


i172 Sinn, nbi 


By determining from the calculated system (48), (49) the number ky at different values 
of the parameter p, one may plot the graphical relation p = f(ko), from which knowing the 
effective wavelength X = 2m7/ky, it is easy to determine the propagation constant inside the 
waveguide. Thus the system of equations (48), (49) should be called dispersive, because it 
determines the variation of the propagation constant as a function of the effective frequency 
(for a given form of the waveguide cross section). 

The characteristic system, i.e., the system used to calculate the critical wavelength is 
obtained from (48), (49) when p = 0. 

It is easy to show, using the asymptotic formulas tor the Bessel functions, that the sum 
terms in equations (48), (49) decrease with an increase of integer which is not slower than 
/ne 


CONC LUSION 


The method described above for the calculation of complex waveguides in generalized 
cylindrical coordinates can be applied also to the calculation of cavity resonators of com- 
plex shape. We note that uniform bent waveguides in complex cavity resonators can be 
calculated by the indicated methods not only in generalized cylindrical coordinates, but 
also in other orthogonal systems permitting a separation of variables (for instance, in 
spherical coordinates). 


APPENDIX 


In orthogonal coordinates, the field components of transverse electric waves are 

related to the magnetic potential function II’ by means ot the following relations: 
You OTl* ] orl* 
Foca. Ree i agp Bae ate Ba’ 
lay = ee yeewll®, My = eae @) 
Og? © ON te Og ge” ha OGG.) 

The continuity of the tield at the boundary q3 = a; of separation of two simple regions is 

guaranteed upon fulfilling the following two conditions: 


[ores 2 \n;=(4 4 2 \nt 

agit TERS gh ato eee (qq) 
an; OT, 
ods a gz (IT) 


a fact easy to substantiate. Actually, condition (II) guarantees the equation for the Hi, 
Hi,i+1, components; condition (III) guarantees the equation for the E2,i, E2 »i+1 COMponents. 
The equation at the boundary of separation of the other field components follows from con- 
dition (I). Rewriting it in the form 


ap (1; — M54) + yoew (0; — N44) =, av) 


we see that the integral of the resulting equation 


Nl; — Ty, = Acos to Vengi + Bsin yo Veun (V) 
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shows such a relation between the functions 11, 11 i+, (A,B are constants of integration), 
which causes the equality of derivatives with respect to q2 and mixed respect to qi, q2 

and with respect to q1, q3, i.e. the equality of components (respectively E3j - E3;,,, Hzi = 
=Hz,i+1- The conditions of the continuity of field in the form (II), (III) have the most 
general form, suitable for a study of straight and bent waveguides in an arbitrary orthogonal 
system permitting a separation of varibles. For straight waveguides however, with the 
conditions one may give a simpler torm. Taking into consideration that I) — ¢ "II, (qs, qs); 
and /°= 5. —7? tor straight waveguides and for all regions we represent equations (II), (I) 
in the form 


il,=Tyay (VI) 
oll, OIL; 4 
oo (VII) 
From equations (1) we find 
tise ae 
lijy A Dyes, 
Tee pane oy Te Sa 2 


where Hii, H;,j+ 1 are the axial field components. 
Substituting the values of the functions I, 0, 4, into (VI), (VI), we obtain a final form 
of the continuity condition tor straight waveguides (and for magnetic waves) 


yy = 7) iy. (VIII) 
ieee 
09s «gs (Xx) 


The conditions in the form of (VIII), (X) were used by the author in [4]. 
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COUPLING COEFFICIENT BETWEEN ELECTRON BEAM 


AND TRANSVERSE ELECTROMAGNETIC FIELD 
IN A MICROWAVE WAVEGUIDE 


L.N. Loshakov, 


An explanation is given of the interaction of an electron beam with the transverse electro- 
magnetic field in a microwave waveguide. This discussion, supplements the theory expounded 
in a previous paper by the author [1]. 

Reference [1] described the process of interaction of an electron beam with the transverse 
field of an electromagnetic wave(electron motion in a direction perpendicular to the power 
tlux in a microwave waveguide. ) 

Because of the newness of the subject and the provisional character of the calculation, it 
is of interest to examine the problem in greater detail, and in particular, to compare the 
coupling coefficient introduced in [1] with the known coupling coefficient of a conventional 
traveling-wave tube with longitudinal interaction. 

Hereatter, the device under study will be called a transverse interaction tube. 

In [11] we obtained the following expression tor the coupling coefficient K, between 
the electron beam and the wave in the transverse interaction tube 
k? — 


_ (1) 


mint 7 


ee 


where k = wvVey is the phase constant of the medium (€, ware 
parameters of the medium, w is the angular frequency) and 
mm/a is the phase constant of a wave excited by the beam in the 
decelerating system, traveling in the direction of possible electron 
motion along the axis. See figure. 

Taking into account the fact that the transmitting wave in the waveguide model of a trans- 
verse interaction tube is a LMyy - type wave, in which no component of magnetic field 
exists in the direction of electron motion (Hox), we may describe the waveguide tield in the 
absence of an electron beam with the aid of known expressions (2) : 


> mi f 
Fox Aras as sin y e7(@t—Pgz) E (2 ) 
mit nie 
a ab FR 
EL = eas Asin — # cos a eNot Boz) | 
Bs s (3) 
a? ; 
_ mr 
. Bo - ee oe 
igs — meme A sin oe sin y ed(ot— Boz) 
ke . b (4) 
a 
H,. — 2880 A cos ™ x ain 2 y cHor=BO) 
oy mean cos > x sin b ye 02) (5) 
a 
ni 
ans mit nat 
FE sp ee ee OO rel Boe) 
0z ] é mine A COS —- 2 COS F- Ye 02) (6) 
——3 
n= 41, 2S) sea g ft Sy Deore ee 


The following notation is used in equations (2-6): a,b - transverse waveguide dimensions; 
Bo is the phase constant along the longitudinal (z) axis, i.e., in the direction of the power flux. 
This phase constant is related to the phase constants along the x- and y-axes by the well- 
known relations 
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3 9 m2 nem 
Be he 


Sy ody al (7) 


_ According to Brillouin, the LMyn waveguide mode is formed as a result of the superposition 
of homogeneous transverse waves propagating along four intersecting directions. 

The transverse wave, propagating in the direction of increase of coordinate x,y,z, 
which may interact with the electron beam directed along the z-axis, contains the field 
components determined by the formulas 


: Ae Aatded: 
Fox =] a elot—jk(x cos a+y cos fz cos +) : (8) 
mit not 
s Fal Al ee eis aaa. 
Foy — ] a Be ejot-—jk(x cos 4+ cos B+4+2z cos Y) , (9) 
k2— @ 
mit 
are er ere os B+z cos + 
Eorz ] a ejol—jk(x cos 4+y cos B+z co 0, (10) 
k2— 2 
Ay =F weBo A jot—jk(xcosaty cos B+z cos y) 11 
as (11) 
k2 De 
nm 
Be elle le are 
ie = ] =e We ejot—ik(x cos a+y cos B-+z cos Bh (12) 
k2— a 


where the directional cosines of the propagation vector equal 


ite pean: Gi 
COS a= =; cosB = F-; cosy = Z ; j (13) 


For this transverse wave, the ratio of the electric field Eo, to the magnetic field Ho 
equals the wave impedance of the medium: 


eal Pet eo ye (14) 
[or V\ Ayyy |? + | Hore! & 
and the magnitude of the Umov-Poynting vector equals 
; = 
Mn =) 2 Fal. (15) 
In addition, the angle a, formed by the Eo1 vector with the x-axis, is defined by 
|B x |? Oe) 
COS? ay = ] i ; == SiN7 Ole (16) 


On the basis of equations (1), (7), (13), (15) and (16), one may obtain the following expression 
for the coupling coetficient of a transverse interaction tube 


2 2 
4 ee we | By, |? cos? 1 
K, = ay sin? = dE (17) 
a 2 — IIo, cos & 
a a 
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where 

Equation (17) enables us to describe the physical picture of the tube operation and to 
establish an analogy between the transverse interaction tube and the traveling-wave tube. 

It follows that (17) the amplification of the field in the transverse interaction tube 
can be considered as a consequence of the interaction of the electron beam with the (Brillouin) 
partial wave, which is propagated at a certain angle from the direction of electron motion. 

With the aid of a calculation similar to the above, it can be easily shown [3] that for the 
coupling coefficient of the usual traveling-wave tube with longitudinal interaction (electron 
beam in the direction of power flux in the waveguide), the following expression is valid: 


2 


= k2 — Bo | Box |? cos? 
Te = 0 @& Bot | ti 18 
A TWT 2 28 1a 6oses (18) 


In the derivation of equation (18) we retain the notation adopted above and by 7, we denote 
the angle between the direction of the electric field vector (Eo) of the Brillouin wave and the 
z-axis. 

Acomparison of Equation (17) and (18) shows the generality of the mechanism of inter- 
action in the transverse interaction and traveling-wave tubes. 

The result expounded in this paper can also be treated as a generalization of the expres- 
sion for Ke in the case of interaction of the electron beam and traveling wave moving in | 
different directions. | 

In conclusion we note that in the case of a waveguide of a transverse interaction tube, 
adopted in [1], the value of the deceleration coefficient of the space field charge T 
equaling unity, can be based on the agreement of the wave equations for the total 
field E,, the circuital vector part of this field E° and the variable component of the current 
i,;. We point out that the values of Nopt given in fy are obtained when MK, = const. 
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PLASMA MOTION IN CROSSED ELECTRIC 
AND MAGNETIC FIELDS* 


A.K. Musin 


We consider several special cases of plasma motion in crossed electric and magnetic 
‘fields in stationary and nonstationary regimes with viscosity. Formulae suitable for 
analysis and calculations are obtained, and graphs are plotted of the velocity as a function 
of the magnitude of the external magnetic field. The "induced saturation" of the velocity 
in a strong magnetic field is discussed. 


INTRODUCTION 


The subject of plasma motion in external fields has been given a great deal of atten- 
tion recently in connection with various problems of theoretical and experimental physics 
{1]. In particular the possibility is repeatedly discussed of using the "cold" (T ~10°K) 
of a moving plasma to build thermoelectric energy converters, magnetohydrodynamic 
generators, microwave devices — oscillators, phase-inverting and phase-shifting apparatus 
[2]. 

We will discuss the motion of a viscous conductive medium in a magnetic field in the 
presence of a flat current layer created by an external electric field, and we will explain 
several features of its motion in the stationary and nonstationary cases. In addition, 
we will assume that the physical properties of the moving medium remain constant during 
the entire motion and that the conditions for the applicability of the equations of magneto- 


hydrodynamics are fulfilled** ; 
We will write the equations of momentum and magnetic induction in symmetrical form: 


ut 4- Walle, + Ox, = (au + bw) XqXeq > (1) 


wrt Uae, + CPx, = (aw — bu) 


a) 


where we introduce the notation [3] 


=> => H —> > 
“u=v+ oot (0) a q- (u— w)?/8; 
oo > H 
Cie. Aca Lely 26 =vy—Vm} (2) 


e,are unit vector along the axes xy; @=1, 2, 3; the remaining notation in equations (1) and 


*A portion of the results of this paper was reported in the Second All-Union Conference 
of Theoretical and Applied Magnetohydrodynamics, (Riga, June, 1960). 


*kAs we know, the condition of the applicability of the hydrodynamic approximation is 
the requirement \ «R, i.e., thelength of the mean free path of the particles must be many 
times smaller than the characteristic dimensions of the problem R. For a plasma ina 
strong magnetic field there exists a second characteristic length ry, the Larmor radius. 
At ry, « R the magnetohydrodynamical equations are valid, if the frequency of external fields 
is substantially less than the characteristic frequencies (the plasma frequency Wo =V 4rrepn/ M 
and the Larmor frequency Wy, = €o H/Mco . 
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(2) are conventional. *The physical meaning of the functions u (t,Xq) and w (t, Xa) may be 
seen by introducing two magnetohydrodynamic waves which are propagated in opposite di- 
rections with different speeds va = + H/ V4mp . Since the excitations in the conducting 
medium with constant physical properties are propagated with speeds not exceeding 2vq, 

these waves do not interact with one another. In the stationary case, this leads to the fact 
that the problem of integration of a joint system of equations reduces to an integration of 
several independent equations. In the nonstationary case, with certain peculiar assump~- 
tions, the problem may also be simplified. 


1. STEADY-STATE MOTION WITH A TRANSVERSE CURRENT LAYER. 


Suppose a viscous conducting gas moves along the x, axis between the nonconducting 
planes x3 =+R; the external uniform magnetic field is directed along the x3 axis; the di- 
rection of the external electric field coincides with the xz axis, so that in the X2 cinec= 
tion a constant current flows in the current layer witha linear current density jo. The 
lines of force of the transverse magnetic field are carried along by the motion,of the 
conducting gas, and consequently there emerges a longitudinal magnetic field H) |x,. In 
addition, all the quantities, except for the possible exception of the total pressure 
p’ =p® = p + (H; + I})/8x, do not depend on x), and the following conditions are fulfilled: 


Up = wW,=0, Uy = — ws; = H,/ V np, 3 
Uy = Uy (Xs), Wy = Wy (Lz), Wg = Wz (Xz), Uz = Ug (Hz), Ox, = Dy, (x). (3) 


From the equation of continuity (evq)xa = 0, the equation of state for an ideal gas 
p = RoT and the solenoidal condition for the magnetic field Hoxq = 0, we find 


p=const, M,,= const, us = const, ws = const. (4) 
From the general equations (1) and conditions (3) for the problem, we obtain 


OU1x,x, + Htix, = Ox,8, (5) 
AWyx,0, — H3wyx, = Dx,B. 


For convenience we use a notation somewhat different from (2): 


Uy = 0, +- Hy Vvm/4npv;, 0 = V 4p wm; 
= ——— 6 
w, = 0, — Hy Vvm/4mev; B = | 4pvm/v. ie} 


By virtue of the continuity of the tangential components of the magnetic field in the absence of 
surface currents and because of adhesion of the viscous gas to the surface boundaries, we ha 


2I]o@ V 4npv 
ea (7) 


Adapting the solution of system (5) to conditions (7) and changing to the quantities v (x3) 
and H; (x3), we obtain 


Uy les=R os Eeeeap SS he, leaR = UW, \x,=—R = 


pate pita’ in 2RPx, | sh L(A + 2) sh L(R—as) 
Lod | ov Co ie sh Ly ? 
8 
H (25) eRe 4 sh L (R — a3) ch L(R + a) ) ( ) 
1Xe3 Cy \ sh Ty 
4p. (1 shL(R—«,)chL(R-+a3) a } 
Hy; sh Ly R 


*Hereafter, the notation is made compact by denoting the variables by,the correspond- 
> 
ing indices and by repeating indices for summations (for example, “ax, = 5} ¥a (0v/x,)). 


( 
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Here 

We will consider two special cases: (p) is the external electric field Ep = 0, pt, # 
#0, (m) is the gas pressure is constant everywhere, i.e.,p*, =0, but BF, #0. ; 

In case (p) the total current in the direction of the x2 axis is found to be equal to zero, 
and the first terms in (8) disappear. In this case the motion of the gas is due to a gradient of 
the total pressure p*x, , and the expressions for the speed v; (P) (x3) and magnetic field 
Hi‘ (x3), obtained from (8), are solutions of the problem [4]. 

In case (m) the total pressure p* = p+ (H3-+ H})/8x = const, in (8) the last terms vanish, 
; and for velocity v, m™,) and magnetic field H; (™x3) we have 


[Vm Jo f 


vm) (Gasy = )/ bn ms (ch L,—chL, 2.) 5 
m 20] hL(R— hL(R 
HE” (aq) = “ie (1 — BERK A ER fos) ) (9) 


In this case the gas motion is wholly determined for the current density in the current 
layer. For the rate of movement of gas in the plane x3 = 0 wan ) and the velocity averaged ove: 
the cross-section v,(™) respectively, we obtain 


[mv 7 = 22,1 
lina) | rom To. th 2 : y™ ey milo (iy eth iG sey iD) (10) 
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. The criterion of the degree of influence of the external magnetic field on the movement 
of the gas is the number L, == H,/t/V 4nv,.vp. When L,<1 (weak magnetic fields and heavy 
viscous gases with low conductivity) the rates of movement in cases (m) and (p) have the form 


pin) ~ Hsjoh ( { =a | 0) isNeh 3 0m) 
i ~~ 4vpey de. hc? L ~— 6pvE es ie (11) 
Rep. ( x = Rp. 
WP) ~ cae | FG0g Ae IL vir) ~ — Pr, = 3 yp), 
1 2ov Re eae 3pVv A aK) 


Here the dynamical viscosity prevails over the induction drag, and the streamlines, just 
-as in nonmagnetohycrodynamics, are parabolic. The quantity v; (m) is proportional to 

the external magnetic field intensity ;, but v‘”) doesnot depend on the magnetic field. 
at Ly 41 (large magnetic field and strongly ionized gases), for v(m and iv) we have 


g 


‘Tv, r | vs | ms 27V yy) L,—1) , 
“(m) ~~ im. ly eA 1 ee peau a | vem) eS oe Se aim) 
oF =~ /o / pve i i | 1 ( R ) er RH: 10 


(12) 
Any b ree os ATV yy, ie (L,—1 

oe M/E — pla if =) Pa a 

i.e., v\” decreases as we increase the external magnetic field Hs, but v”” ceases to 

depend on #,; and reaches saturation. In this case viscosity does not play a significant 

role, except at a thin layer at the walls, and the stream line is greatly smoothed due 

to induction drag. Instead of the usual parabolic stream line, this streamline has an 

almost flat central part and exhibits a sharp decrease in velocity close to the boundary 

surfaces. This phenomenon is related to the fact that the electromagnetic force /y 

of the interaction of induction currents with the external magnetic field turns out to be 

proportional to the magnitude of Vi M4 and at 2)<(@7; fu 0; but at 2] S72, 

Fe <(.. Consequently, the force a {7 accelerates the particles of the gas, moving 

with velocityv, <v;,_) and retards, those particles for which 7, >2,.. Figures 1 and 2 de- 

pict the functions 2,(z,) and H,(z;) for the cases (m) and (p). 
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Figure 2 
2. NONSTATIONARY MOTION WITH AN ALTERNATING CURRENT LAYER 


Suppose the alternating electric field E(t) acts parallel to the x2 axis, so that in the 
space under consideration an alternating current flows in a flat current layer with a mag- 
nitude of current per unit length in the direction of the x; axis of 


= =~ 


] (t) = Joexpt (wt -- g). (13) 


As before, the magnetic field is parallel to the x3 axis; the motion takes place along the 
xX, axis and is constrained by the planes x3 =+R. 
Projecting equations (1) on the x; axis, we obtain a fundamental system of equations 
for the nonstationary problem: 
Wyt + W3llyx, =a O,., = QUyx,x, + bWix,253 
Wy UgWixy + Dx, = AWyxye, + OUyx,2,- 


(14) 


At t < 0 suppose the electric field is absent and motion takes place under the influence 
of a constant pressure gradient dp*/dx,; =const 0, i.e., 


1, (é, fy) Eg Uy (ty), 201, ta) ee = a e) (15) 


Here ty (x3) and Wi (x3) are stationary solutions of equation (14) in the absence of a current 
layer and are obtained from equation (8) when jo = 0. As boundary conditions analogous to (7) 
write 
U1 (t, 13) |x,—-rk = — U4 (t, 43) |x, = — Wy (t, 73) |xp-k = 
= Wi (tee et 


Vanp ’ (16) 


where ho (t) = (27/co) jo exp i(wt+). With the aid of the operator equation (15) 


s™u — {u™ (A)} = Syst MELON ON OIE ts ce Hilly (17) 
m=) 
where s is the operator of differentiation with respect to the variable X, equations (14) can be 
reduced to an algebraic system 
u (k +- w3s — as*) + whs? = D, (s, kh), 
ubs? —- w (k + ugs — as*) = M, (s, hk), 


| 


@,(s, k) = — =? + Uo + u° (ws —as). aud, — wbs — bu? , (18) 


Oo. 
@, (s, k) = ——* 4+- wot w? (us — as) — aw — bsn° — bu? 
sk 4 Na X5" 


Here k and s are differentiation operators with respect to the variables t and x3; the values 
of Up and w designate the initial operator values of the functions uy (t;X3) and wy, (t;x3) with 
respect to the variable t, and the quantities u?, w®, uy wy play the role of initial 
operator values of the corresponding functions with respect ts variable x;. After a single 
application of equation (17) subject to conditions (16) there results 


¥ (2s) |x,=R = — U (Xs) |x,--—k = — W(X) |x,=R = W (Xs) a= 2 , (19) 
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: A 1 
where h(k) =2mjo exp io + are tg w/k) /co(w* + k?) [2 . It is convenient to introduce, for 
simplicity of calculation, the additional relations resulting by virtue of well-known theorems 
of analysis from the symmetry of the problems and conditions (19): 


(Ux, —- Wx,) lsea:=0 = (u—w) |ra=0 = 0. (20) 
representing the solution of system (18) in the form of a fractional rational function rela- 


a in operator s. Expanding equation (18) into simple fractions, with the aid of a formula 
‘rom [15] 


Rae chywa Be 4 as 10's 
G=pr=o > {ers ch bas}, <p {ers} (21) 

we obtain a solution of system (14), expressed in terms of the operator function u(x3) = 
= {u, (t,x3)} and w(x3) = {w, (t,x3). Adapting this solution to conditions (19) and (20), 
after simple transformations we obtain an expression for the operator functions v(x3, k) 
and H(x;,k): 

v (3, k) = Mz + M, ch 2L23+ (p,G, ch pyx3— PsG, ch pst y)/Ap;p3B (hk), 

H (x3, k) = {[(k — vp?) Gs sh pyr — (k — vp) G, sh ps@]/A?p,psB (k)} + 

LY fa2 Da \ 3 v ‘ 
+ (48 V Eee) | Ms +My (—*4) ] sh Otay (Ma + AM) (4). (22) 


Here we adopt the notation 


Gi (k)= Api (bo + h(k)) ch Rp; +- (& — vp?) (M, -+ M, chL,)sh Rp;; i= 4, 3; 
Prs(k) = (V 2ak 4- % 4-2[k| A+ 20k 4 vt —2|k| A)/A; 


by (k) = (08) Vip) | My 4- M, | | sh La RUM ++ bM,)/A); 
B (k) = [(k — vp?) sh Rp, ch Rp3/Ap,]—(k — vp?) sh Rps ch Rp,/Aps; 


* v € 
AVE p, | (L/A2P) > Og (x — ed pa] /[{(2L)* + a4 (2L)? +- o9]; 
-! ™ 
My, = (— pia ch L,)/%; Mz = — P,%3;, Mg = (py o/Pk) + phos ch Ly; 
ty = —(2aki---0%)/A2; og = (k/M)%; op = 2R Viv /Hy V pv sh Ly: 
A = H,/4np; 2 = Wm; va = H3/4np; 2a =v-+ vm. 


From a representation of the solution in the form of operator functions v(x3,k), H(x3k) 
we may now change to a solution in the symbols of classical analysis in the form of initial 
functions vj (t,x3) H;(t,x3), which use formulae similar to (21). In the general case, 
however, the formulae obtained are rather complex, and during analysis it is best to use 
directly the simple operator solution (22). Depending on the character of the active driving 
forces and the condition of motion from the general solution (22), we may visualize certain 
special cases. Below we will consider the motion in the case of two special assumptions. 
The remaining cases can be treated in an analogous fashion. 

a) Suppose the external field equals zero; no current layer exists. At the moment t = 0 
there arises a constant and uniform pressure gradient p*x,0, equal to zero when t<0 (p*x; =0). 
In this case active electromagnetic forces are absent, and the motion occurs only under the 
influence of hydrodynamical pressure forces. * Under these conditions 


M, = My = My = 0, My = piyo/ok, b(t) = — Rpzyo/Agh, h(k) = 0, G, = 
= AYO Mig, 7 ter 


*Such a problem is considered in [6] and, taking into account induction currents at the 
boundary surfaces, in [7]. 
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Expressions (22) are simplified and are brought into the form 


v(x,, k) = N, (k) pyps(chp,Rchp,x, — chRp,chp,x,) /D, (k), (23) 


HT (2 ,k) = (No (k) /D, (&)) | ps (k— vpi)chRp,shp,x, — p; (k — vp3) chRp,shp.z, — 


where 
DV vp?) shRp,chRp, — p, (k —- vp?) shp,chhp, ; 
Nah) — == Rp, (ek; IN (Uf2)) = —— 4nR p*  IkH, . 


Formulae (23) are operator solutions of the stated problem. In this case the role of the 
external magnetic field is to create induction currents in the moving conductive medium. As 
a result of induction drag, the velocity in the external magnetic field is less than in the ab- 
sence of a magnetic field, so that with a rise in the magnetic field strength the velocity 
decreases. The magnetic field in this case smooths the streamline just as it does in the 
case of stationary motion (see Figure 1) 

b) Now suppose the gradient of the total pressure equals zero and in (19) 9=7/2. In 
this case the motion takes place only under the influence of electromagnetic forces of inter- 
action between the external magnetic field and the current layer, due to the external alter- 
nating electric field, In this case Mj; =bo =0(j =1,2,3,4), Gj = Ap; h (kK) ch Rp; (i = 1,3), 
h(k) = 2m7jo -w/co (k* + a”) 1/2, and iron the general solution of (22), we obtain an operator 
solution in the form 


v (3) = Fypips (ch Rp, ch pst, — ch Rp; ch p,x3)/Dz (k); (24) 
A (x3) = F, [pi (k — vp?) ch Rp, sh p3z3 — pa (k — vp?) ch Rpgs sh py@s3))/ Do (k), 
where 
Dz (k) = D, (k) (kh? + @?); Fy = JowHs/2cop; Fy = 2njow/co. 


From the operator functions v(x3) and H(x3) with the aid of well-known theorems of contour 
integration (see, for example [8]), we go over to the initial functions v; (t,x3) and Hj (t,x3) 


Fy exp (kt 
Pa (ty 22) = [a Sage (ch PuR ch pyta — eh pal ch pyr)} 
F. exp (kt) (25) 


OD2/Ok 


IEE (Cay) — | [pi (k —vp2) ch p,R sh pgx3 — 


— pz (k — vp?) ch p3R sh Pytalh y, ; 
Here k, are the roots of the equation D2 (k) = 0; the summation is carried out over i. 

Formulae (25), which give an accurate solution of the stated problem, are rather complex 
With certain assumptions with respect to the flow parameters they can be simplified. Suppose 
for example, inequality sv < cj/4nu,is fulfilled, i.e., the viscosity and conductivity of the 
medium are not too large and that the magnetic viscosity is considerably greater than the 
kinematic viscosity. Then, after appropriate simplifications and excluding the real part, 
the formula for the velocity at the axis of flow vy (t) can be presented in analytic form: 


Peas [yisby2 + yesin (Ry2 | V 2))] sinwt + [yisin (Rye / AV 2) — {2shy3] coset 
chyi -+ cos (Ry2/ AV 2) : 


(26) 
where ri 
‘tie = ((H3 + (Anpe@vm)?)” + H3}? /V np ; 
G= Toll eV 2m /y |4ec, (oa + (@%m)?)” : 
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Equation (26) is convenient for calculations and retains sufficient generality, 
being correct for arbitrary values of magnetic field and the density of the medium at which the 
equations of magnetic hydrodynamics are still applicable. 

A further simplification is possible, if we require that W Vent va < 1 and in (26) 
neglect the value of WV y)/ v2)? in comparison with unity. This can be done at a rather large 
external magnetic field and at small densities. Then for the maximum velocity on the flow 
axis, achievable at the moment t ~qw = 1w/2,, we observe a simple formula convenient 
for analysis and calculation and correct for rather large external magnetic fields: 


. fem = 
ToV rym (sh26,cosd, -+ sindssin26;) 


i — 
2e,V pv (sh?6;sin?63 —— ch?d,cos’63) 


0 


(27) 


where 


: 
Oy, SSS PRs 5 pst 0 5 
Op = FO ae Og = OVm/2v'4 | 03 = ROvp/4).04 « 


Figure 3 shows curves calculated from equation (27) for a single value of current layer 

in the current layer jo = 430 amp/cm and at different values of density of the mediump (here ¢ 
plays the role of a parameter). The behavior of these curves is easy to understand, if in 

(27) we neglect the value of WVyp)p/ ve in comparison with unity. which can be done for 
magnetic field such that the inequality wVy)/ vA <1 is fulfilled. Then from (27) we obtain 
for the maximum velocity 


1, = [eV tvmlexp (RH/2hV xp) — 1] Io Viivm th lle 28 
CoV pviexp (RHs/24V mp) +1] | cVpv 4k xp oe 
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Figure 3 


From this it is apparent that the velocity tends asymptotically with increasing magnetic 
field to a certain limiting value 
tim’ = joV =mleyV py ’ (29) 


i.e.,at large magnetic fields, the velocity ceases to depend on the magnetic field and 
saturation sets in. The smaller the density of the medium the smaller the value of the 
magnetic field at which saturation sets in. Physically, the meaning of this phenomenon 
is that as the field increases its accelerating action is counteracted gradually by induction 


drag as a result of the interaction between it and increasing induction currents. 
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At sufficiently small densities and slow variations of the electric current j (t), the 
velocity ceases to depend on the density of the medium. This is explained by the smallness of 
the inertial terms under these conditions, and resistance to motion is determined by the 
viscous dissipation. The limiting velocity v]jm depends only on the amplitude of jo the 
electric current flowing through the medium, the conductivity of the medium o, and the 
dynamic viscosity of the gas pV and does not depend on the density of the medium p. — 

At those densities of the medium at which the variation of the velocity with density does 
not vanish, this relation is rather complex, but the velocity of the movement changes 
approximately proportional to p-1/2. The increase of linear current density in the current 
layer, other conditions being the same, increases the velocity. 

It is apparent from (28) and Figure 3 that the limiting velocity is attained later (i.e., 
in stronger magnetic fields, the greater the density of the medium p. From this it is 
clear that an increase of the magnetic field beyond values at which saturation sets in. although 
not allowing an increase of velocity at constant jo, does permit a larger mass to be set 
in motion. 

In order to verify the results experimentally, the theory of plasma motion accelerated 
in crossed electric and magnetic fields was investigated experimentally [9]. It was 
established that the velocity of the plasma motion increases with magnetic field intensity 
only up to a certain limit. The other results of the experiment were found to be in 
qualitative agreement with the theoretical conclusions [9]. 


CONCLUSION 


1. In the absence of an external field, the mean velocity of a plasma increases with 
a decrease in the external magnetic field (H)and reaches a maximum at H = 0. 

2. In the presence of a current layer, created by an external electric field, the ve- 
locity of the plasma increases with a rise in the external magnetic field and tends asymp- 
totically to a limiting value determinable by: 1) linear current density j in a current layer 
2) the conductivity 0, and 3) the dynamic viscosity of the plasma v (the phenomenon of 
induction saturation. 

3. With slow changes in the external electric field, the limiting value of velocity is 
independent of plasma density pe and reaches larger magnetic fields, the greater p. 

4. At high magnetic field intensities, a velocity equai to the limiting value can be trans- 
mitted to a large body of the gas. The basic conclusions of the theory are confirmed by 
experiment. 

In conclusion the author expresses profound gratitude to V.L. Granovska for his 
guidance and valuable discussions. 
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INFLUENCE OF PARASITIC PARAMETERS 


OF A SEMICONDUCTOR DIODE 
UPON THE OPERATION OF A PARAMETRIC AMPLIFIER 


M.D. Karasev 


General equations are found for a two-tank circuit parametric amplifier taking into 
account all the parasitic parameters, including parasitic inductance. In the case of small 
diode losses and a low percentage modulation of the time-varying capacitance, an analysis 
is given of the gain and noise figure. It is shown that in addition to losses introduced in the 
diode at the operating frequencies, additional coupling is formed, which, in the case of 
resonance caused by parasitic parameters of the diode, can greatly alter the operating 
conditions of the amplifier. 


INTRODUCTION 


In an account of parametric amplifiers having a nonlinear reactance, it is usually 
assumed that the reactive element does not have parasitic parameters [1,2,3]; as a last 
resort only its losses are taken into account [4]. At the same time, a real nonlinear reactive 
element has a complex structure which cannot always be replaced by a pure capacitance 
or inductance. 

The diodes used at the present time are prepared in the fittings of a standard socket 
of a microwave mixer diode (Figure la). For frequencies not exceeding 10 Mc the design 
of Figure la can be presented in the form of an equivalent circuit with lumped parameters, 
as is done in Figure 1b [5]. With a sufficient pumping power supplied to the diode, which 
considerably exceeds the signal, one may assume the system to be linear with a time-vary- 
ing capacitance. This assumption lies at the basis of subsequent calculations. We will 
assume that capacitance C changes sinusoidally in time with a pumping frequency of Wo 
bap 


= (eo! ae e—ieol), (1) 


C =Cy(1 + mcoso,t) = Co4r 


where Co is the average capacitance; m is the percentage modulation AC = mCpo is the 
amplitude of the capacitance pulsation of the p-n junction. 

Usually we know Cmax the initial capacitance of the parametric diode at zero bias and 
Cmin the capacitance of the highest permissible back bias. 

In this case the parameters occuring in (1) will be expressed as 


ees max min | 
7) = 5) , | 
AC 2 Cmax Cin (2) 
i Ss Cmax— Cmin | 
- Cmax C min } 


In the equivalent circuit (Figure 1b), the inductance L = 3(10)~* ph at a frequency of 104 
Mc has an inductive impedance of wL ~190 ohms,and at an average capacitance of 
Co = 0.2upf the capacitive impedance of the p - n junction at the same frequency 10* Mc 
will be (1/wCo) ~80 ohms. From this, it is clear that it is impossible to neglect parasit 
ic inductance at these frequencies, since its impedance is of the same order of magnitude 
as the capacitive impedance of the junction. 

In linear electrical circuits with constant coefficients the RC circuit of series- 
connected capacitance C and resistance R (Figure 2a) can be replaced by a shunt capaci - 
tance C; and conductance g (Figure 2b). With sinusoidal frequency in one or more cir- 
cuits, the complex impedance will be the same, if: 
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If the same linear circuit contains a time-varying element, however, this substitution 
is impossible in the general case, since the character of the processes in the circuits 
presented in Figures 2a and 2b is qualitatively different even with a pure sinusoidal fre- 
quency, Actually, in circuit Figure 2b under the action of the harmonic voltage UeJwt 
the following current flows: 


i = Ieiot + J eilered) — J elo—a)t, (3) 


which contains only three harmonic components; frequency of the voltage source w and its 
combination frequencies w+ Wp with the frequency of the capacitance pulsation, the latter 
varies according to equation (1). The amplitude of the current components will equal, 

respectively, 


IT=(g+joC,)U, I1,=j(@ + %)) es ACU, 


I_=](® —@) < ACU. (4) 


The same voltage oe generates in the RC network of 
Figure 2a an infinite number of harmonic components with 
combination frequencies which contain harmonics of the 
frequency Wo. Only in the case of sufficiently small 


losses and a low percentage modulation which satisfy the Figure 3 
inequalities 
Rees 
cS waCy 2 
SKC, (5) 
ING 


can one approximately represent a series RC circuit by an equivalent parallel circuit, as 
in the case of linear circuits with constant elements. When inequality (5) is fulfilled, the 


equivalent circuit represented by Figure 1b can be replaced approximately by the circuit show 
in Figure 3 where 


& = Sp t+ Rs (oC)’. (6) 


There is tendency to assume that the conductance g, in the circuit of Figure 1b may be 
neglected at high frequencies if we introduce a sufficiently large back bias on the diode. 
In that case, however, the diode losses are accounted for only by the series base resistance 
Rg, and, apparently, the effect of neglecting g, is not entirely proportional to that of R 
At high frequencies the base resistance R, and capacitance of the p-n junction change 
little with frequency, whereas, according to experiment, p-n junction losses do change 


Ss: 
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appreciably with frequency. Therefore, in order to approximate them merely by the resistance 
Rg, one would have to assume that R, varies with the frequency. But at high frequencies, 
losses in the dielectric semiconductor are added to the losses in the base conductivity and 
these losses change with frequency and are localized where the varying field is most intensive 
i.e., in the dielectric of the depletion layer of the p-n junction. Consequently, they must 
represent a conductivity which depends on the frequency and shunting capacitance of the 
junction. This is important for calculations, if the inequalities (5) are not fulfilled, and 

also in the determination of numerical values from equation (6), taking into account (5), 

where gp depends on frequency. 


1. BASIC RELATIONS 
We will consider the equivalent circuit (Figure 4) of a two-tank circuit parametric 
amplifier, in which the coupling element is a semiconductor diode with parasitic parameters 


as in Figure 1b. In this circuit ge designates the conductance of the harmonic signal source 


i, = Teil. (7) 


The equivalent conductance g},4, takes into account the losses, and L,, C; are the reactive 
conductance of the input circuit. gk,,Lz and C2 play the corresponding role in the output 
circuit. The load conductance is gy. The capacitance C(t) varies with time according to 
equation (1) 


Signal source 
ee 2 1 


Figure 4 


We will assume that the input circuit possesses a finite conductance only for currents 
with a frequency close to w;, for currents of all the remaining frequencies, including 
wo, @:, ws, it represents a short-circuit. Then in the case of signal (7), the voltage Uy 
will be harmonic 


Hag = sae the (8) 


If analogously the output circuit resonates only at the frequency W2, Up, will also 

be harmonic: 
Goat =U ure? (9) 

At inductance L and resistance Rs, a voltage drop is created by currents of all frequencies, 
which are due to the presence of a pulsating capacitance. Thus, even under the assumption of 
an ideal circuit filter, we obtain by capacitance C(t) a complex spectrum of the combination 
frequencies. We introduce one more simplification. We assume that at the frequencies 
2uwW0,3Wo0, and above, the inductive impedance is so large and the capacitive impedance Co 
so small, that the voltages and currents at these frequencies, as well as the energies © 
associated with them are negligibly small. Then assuming that 


Wy > 1, (10) 
we may confine ourselves to currents of only three frequencies: w,, #2; = w,) + w, and 


3 = w, — «;.The voltage u at the capacitance C(t) of the p-n junction can be approximated 
by a sum of only three components: 
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u = U, eit + Uy clot +. Ug eles! (11) 


Furthermore, we will consider a summing amplifier. But the equations obtained below 
can be transformed simply into equations for a circuit with the difference frequency of the 
second circuit. 

For a steady-state regime, by the total resistance method expounded in [ 6], we may obtain 
a system of three equations 


| 
| 
J oe Ue yo Oa, } (12) 
| 
J 


— ]0s oe Una Ort d egies 


In equation (12) the following notation is adopted in accordance with Figure 4 just as for 
equations (7) and (9): 


Y= Sp (@1) -+ JOiCo -- 1 , 


OL, 3 


Rg (@1) 4- Oh -- 


asic ies ae Jor (Cee) — 


Ry (Wz) -+ Josh + - 


5 : J 
Y3 = 8p (@3) + JO3Cy + R 


= (3) + FOsL ? 


i 4 
i i Saas 
41 + [R, (1) + /o.L] {ke iE arated Jor (CO) — Alt 


In equations (12) the possibility of a different value of diode loss at various frequencies 
is considered, because the values of the shunt conductance gp and the series resistance Rg 
are assumed to be frequency-dependent , 

In analogy with the conventional electron-tube amplifier, the parametric amplifier 
can be represented by a small signal equivalent circuit suitable for calculations. The 
main difference in the case of a parametric amplifier lies in the necessity of using several 
equivalent circuits, because each frequency will have its own circuit. 

Figure 5 shows three equivalent circuits for the parametric amplifier under consideration 
at the input frequency w, (Figure5a) ;at the output frequency w2 ( Figure 5b) ;and at the 
difference frequency of the parasitic coupling w3 (Figure 5c). 

In the equivalent circuit of Figure 5a, admittances Y,, and Y,3 are complex, induced 
through parametric coupling from the output circuit and the circuit of the difference fre- 
quency on the parasitic parameters, respectively. They are expressed by the following 


relations AC \2 
ors ( 9 
Yue = xe , (13) 
/ AC \? 
O10 
ys eal ) (14) 
3 


According to the equivalent circuit of Figure 5a, it is easy to find the input impedance of 
the amplifier Zjy, which equals 


Zin= 


R, (@1) + Joi + 


‘am 4 Pern 
1+ [Ry (Oy) + fol] foe + Bia +i [Orr +) — S| 


+ : kis (15) 


rn 


Y, eq 11 + [As (01) + joiL) \e, 4 ge + fox (140)— n it 


Oren | 


’ , | , 
1+ [Ry (on) + [OE] foo + fat ious + 0) — sh 
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pnere 5 ¥ eq =F, 4-¥ 4+ Y45. 
In the equivalent circuit of Figure 5b, the input current equals 


The input voltage Upy; equals 
ree { 

out ~ “y, (17) 

4 ts BY pie welts ! r ! ys i 

aml s (@2) + JL] {fn i Ex + j [9 (Cx + 0) 
In the equivalent circuit of Figure 5c the input current If equals 
‘ me AGaes 

Ig= — fads -5> Uy, (18) 


The power amplification of the amplifier is defined as the ratio of the output power 
Pout at the frequency w2 to the input power Pjn at the signal frequency w,. The input 


Ju, (C,+C) y, TanT, 


1 A) 
: $pli) Rel) Jul ieee 9 
b . /, : Ug © 4 
pe eS JW,ly ut 
Ly ¥ 
ts (ly) Jus, L 
e a g, tis StayCy 


Figure 5 


: : ein : ae A 
circuit power equals the rat = aNey 1 
p q atio Te P/4e¢ The resulting gain in accordance with (15) and (18) 


will equal 
C= ok out 


SO GCVES ae 
|L, |?/4g, 


(19) 


oy 4g .fO1Ws ( 7 
Wy 


I¥ieg PI ¥2)?| 4+ (2s (2) +- fool] {6x T 8x9 7 [o. (C2+ €’) — ee i | 
i oLy 
If we introduce the thermal noise of the generator, due to conductances gc, 8p, Sky: Sk2 
and resistance Rg, we can also find in this fashion the noise factor of the amplifier under 


consideration. 
2. SAMPLE CALCULATION 


We will consider, as an example, an amplifier with signal frequency vo = @)/2% = 10* Mc 
and a pumping frequency of vy, = @,/2%=108 Mc. We will assume that inequalities (5) are 


l, L My 
Y, *7 
me Fai y ae 5s i Suita Lo 
a 6 6 


Figure 6 


fulfilled. In addition we will neglect conductances gk, and gk,, assuming the unloaded 
amplifier resonators to be of sufficiently good quality. The inductive diode impedance 
(1/W1Co) ~800 ohms; consequently, in the equivalent circuit of Figure 5a, L can be neglected. 
Resistance Rg is transformed into a shunt conductance according to equation (6). With 
these assumptions, the entire calculation for the amplifier is greatly simplified. 
The input and output circuits provide two degrees of freedom for tuning the amplifier. 
With the selection of a reactive input circuit we obtain 


ist Rey = ey to Yon) 0 (20) 
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Then the equivalent circuit of Figure 5a changes to the circuit of Figure 6a 
wherein 


2 (@,) = Sp (@1) -+ Rs (@,) (,Co)?; (21) 
$i = Re Yo, oe 
a ea (23) 


S335 — 


with the selection of a reactive output circuit, we obtain 
lin War (24) 
In addition, the equivalent circuit of Figure 5b simplifies to that of Figure 6b, where 
& (@2) = Sp (Ws) + Fg (@. (@2Cy)*, (25) 


and g}; is the transformed load conductance. Insofar as (24) is complied with 


VY. = g(@) +g) 
then in accordance with (13) 
Sigs — gel : (22') 
& (@2) + by 


The difference frequency w3 circuit will in general possess a complex conductance (Figure 6c 
Therefore, in accordance with (14) 


AC/2)2 
— 81g = STE” ¢ (0s). aa 
In addition 
& (3) = &p (Ws) -}- R, (@s) (@3C)?. (27) 


Introducing the following notation: 
( 


c= Ty ene 


@1@2 (AC/2)? ’ (28) 
getegoeg ial - Si _ § (1) — £18 
SL g (a1) ’ se g (@2)? 1 g (@;) ’ (29) 
we obtain in accordance with (19) ai expression for the gain 
) Getic 
hat 2S (30) 


1 22 | (e ete: ae. 
‘a [en (2 + 1) + #| 


The magnitude x = tan 6p, determined from (28), can be called the parametric loss 
tangent of a time-varying diode capacitor. In the absence of parasitic coupling at the differen 
frequency (nN = 1) and in the case of perfect matching & =% = v 1+ 1/x* the frequency 
ratio w2/w, and x determine the gain 

G=™ 1 
O1 (x + V1 + a)? , (31) 


Equation (31) agrees with the expression of the maximum amplifier gain, taking into account 
diode losses [4]. 

Thermal noise of the amplifier is calculated in an analogous manner. On the right-hand 
sides of equations (12) we write out the noise currents, generated conductances Zc and 
g(W1) at frequency w1; g(w2z) at frequency w2; and g(w3) at frequency w3 and taking into 
account these simplifications, the equations are then solved. The input noise is assumed 
to be merely the conductance noise g ¢ at frequency w, at standard temperature To. 
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All the remaining noise currents at the diode temperature T at the frequencies W1, W2, 
W3 are created in the amplifier. The noise factor F obtained in this manner is 


cee fase ge Oa eter) eon ye a Ae —— i ee 
k 4 : 2 ] 
os EE " We G1 site 3; §1 | TES Od) 
where T is the diode temperature; Ty = 290° K. 
For concrete values of the diode parameters 


Cmax = 0.25 pt | 
Cmin= 0.11 pp R,=10o0hms gp = 0, L= 3-107? mnen 


in our examples, based on equations (2), (6) and (28), x = 0.2. If we do not take into account 
the coupling constant at the resonant frequency due to aprasitic diode parameters, in ac- 
cordance with equations (31) and (23) we obtain (at T = To) 
C = 0.67 = 7,4(8.7 ab), | (33) 
F = 1.22 (0,86 db). ) 
Because of parametric coupling at the difference frequency n <1, a negative resistanceis intro- 
duced into the input circuit. But while n > 0, the gain G remains smaller than w2/w,. If n< 
<0, the gain may become larger than w2/w; in this case it is impossible to match per- 
fectly the amplifier with the signal generator and load. 
If no resonance occurs at the difference frequency in the circuit of Figure 6c, 


| Ys | S> ¢ (ws) 


we may neglect the very small negative resistance introduced into the input circuit by 
coupling at the resonance frequency. At resonance however when 


|¥s|~e (@s), 


£13 becomes comparable with g(w 1) + co and the resulting input circuit conductance 
} 


ieq = Se -- § (01) - $2— S12 
can become a suitably small quantity. Consequently, in the case of resonance of the diode's 
parasitic parameters at the difference frequency, the amplifier can acquire a gain (greater 
than w2/W1) and even a loss of stability, in spite of the fact that at this frequency no 
special resonator is provided in the amplifier. f 

With a change in diode bias, one may vary Co over wide limits and in this way control 
the gain. For definiteness, we assume that matching of the input and output is realized 
in the absence of positive feedback coupling at the difference frequency. Then, as a result of 
the approach to resonance on the part of the parasitic parameters, we increase the gain when 
we decrease 7, when & and 2 are constant. In this case we can determine from (32) the 
noise factor corresponding to a prescribed gain, since €,, €2 remain definite. In this 
example we have 


BEY OG = 02, (20) db) f= (SOK 32 db): (34) 
at G = 1U*(30 db) [’ == 1.41 (1.48 db). (35) 


Comparison of equations (34) and (35) gives a basis for the assumption that, although 
positive feedback increases amplifier noise, this increase is insignificant in comparison with 
the rise in the gain. The general noise factor 


ry | 


gen = ta, Tas 
of equipment containing sucessive stages of amplification with a large noise factor F; decreas- 
es during regeneration. 
A.A. Brandt and 1I.V. Ivanov conducted the following experiment. In a two-circuit 


parametric amplifier with a sum output frequency, schematically shown in Figure 7, the 
gain was measured at various diode biases and pumping powers. The output meter was 
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tuned on the sum frequency and connected to the mixer chamber through a terminal waveguide, 
which introduced an attenuation of no less than 80 db at the pumping frequency and the 
difference frequency, but at the same time, it freely transmitted the sum frequency wave. 
In the experiment we succeeded in obtaining a stable gain exceeding w2 /wW,, and even in 
driving the amplifier by suitably matching the bias and the pumping power for several 
specimens of germanium diodes. : 

This analysis of the effect of the parasitic parameters of a semiconductor diode para- 
metric amplifier shows that in addition to the introduction of losses at the operating 


Figure 7. 1 — Signal generator, » = 30 cm; 2 — in- 
put attenuator; 3 — input resonator; 4 — pumping 
‘oscillator A = 3.4. cm;5 — unidirectional valve; 

6 — mixer chamber; 7 — terminal waveguide; 8 — 
resonant power meter A , 3.1 cm. 


frequencies, the parasitic parameters can still form additional resonant tank circuits for 
frequencies at which the parametric amplifier was not examined. This can lead to a 

great change in mode of operation. One may, however, specially introduce an additional tank 
circuit, forming a three-tank parametric amplifier. For example, in a two-tank parametric 
amplifier having the total output frequency of the third tank circuit, by using the additional 
resonator at the difference frequency, one may increase the gain to the required value by meat 
of positive feedback. The general relations (12) are entirely applicable to calculation of the 
three-tank circuit amplifier. At the same time, a third independent degree of freedom for 
tuning appears. 


Table 1 Table 2 
Type ee fn Type 
| Double- Triple- | Double- Triple - 
| frequency | frequency frequency | frequency 
| 
G, db | 12.4410.5 ~20 G. db | 12.4 | 20 
Edd | ~0.9 ~ 1.0 1d M(eloy 0.6 0.9 


In [7], a three-tank circuit is described, in which the input frequency equals 410 Mc 
and the output frequency 9227 Mc. The results of the experimental measurements obtained 
in [7] are given in Table 1. 
Assuming that, in the two-frequency type amplifier, a gain of 12.4 db is obtained in 
the case of perfect matching of the input and output, one may determine from (31) the paramet: 
loss tangent of the diode: for the amplifier described in [7], it equals 0.14. Incidentally, at 
these frequencies (V; = 0.4 (10)? Mc, Vy, =9.23 (10)* Mc .) the diode in out example 
has the same value of x. Carrying out a calculation of the noise factor for the indicated 
value of x = tan dp = 0.14, we obtain the following results (Table 2). By comparing 
Tables 1 and 2, we see that good agreement is obtained between calculation and experiment. 
As shown in Section 1, one may calculate by a similar method the effect of parasitic 
parameters in a two-tank circuit positive feedback amplifier with a difference frequency. In 
this case, parasitic coupling may occur initially at the sum frequency and will be highly 
noticeable at resonance of the parasitic parameters, which correspond to the frequency. 
Its influence, on the contrary, leads to a decrease of the gain and consequently to an 
increase of amplifier stability. 


CONCLUSION 
An analysis was made of the effect of the diode parasitic parameters on the operation 


of a two tank circuit parametric amplifier in the case of a small signal. 
It was found that as a consequence of the parasitic parameters, in addition to losses 
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caused by the diode at the operating frequency, additional feedback is produced. In the 
case of resonance at the parasitic parameters, this feedback can greatly alter the ampli- 
fier operation and, in particular, even lead to a loss in stability for an amplifier with a 
sum output frequency. 

In the case of small diode loss and a low modulation factor of a time-varying capacitance, 
expressions are found for the gain and noise factor of the amplifier with a sum output fre- 
quency and additional positive feedback coupling at the difference frequency. A comparison 
was made of the calculated and experimental results, and qualititive and quantitative agree- 
ment was established. The author is grateful to V.V. Mifulin for valuable discussions 
on all the subjects treated in this paper. 
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INTERACTION OF MAGNETOSTATIC OSCILLATIONS 
IN A FERRITE SAMPLE IN THE CASE 
OF REGENERATION. PART II—CONDITIONS 
OF EXCITATION OF OSCILLATIONS IN GENERAL 


A.L. Mikaelyan and A.A. Vasil'yev 


On the basis of the method expounded in [1], the interaction of higher types of natural 
oscillations in a ferrite sample in the case of regeneration is investigated at microwave fre- 
quencies. A general formula is given for calculation of the threshold of oscillation. 


1. INTERACTION OF POTENTIALS 3,0,1 - 3,1, 0 


It was shown in [1] that the action on a ferrite by high-frequency magnetic fields, between 
frequencies satisfying the following relation 


Oh + @. = On» (1) 
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leads to an interaction between the natural magnetostatic oscillations in the sample. In this 


| 
case, the indices of the interacting oscillations are determined from the following formula 
Ny = fy, My=—-(m, +1). (2) 


This condition was illustrated by a consideration of the indicated interaction between the 
simplest magnetostatic oscillations 2,0,1 - 2,1,0. 

We will now proceed to an investigation of interaction potentials with higher indices -the | 
pairs 3,0,1 -3,1,0. As was pointed out in [1], the excitation of this pair reduces to the fact 
that at the frequencies w, and w2 the following potential spectrum exists 


O73 oO OMe OVO? 
>: 3,1,0; 1,1,0. 


Taking into account that the fundamental potentials havea structure of the form [2]: 


tb = 41-302] ame Ef eit “oc, 


2 5 
eae : (3) 
; 2 2 2 (1 — Us 
the = Ay-20 (x iy) | “ ay } [a2 -- a] , 
we determine @: and 92 in the following form: 

40 ee 

MY) = oy (T ++ Te) M22 Ag, 
(4) 


2 = — 15 (t. + 1 )(e — jy) 274}. ; 
In this case, we take into consideration that the potentials 118 0 and 1,0,0 do not influence 
giand g2. The total potentials inside and outside the ferrite are now determined in this manner 


i - ; - 34 Fj 3 — mast * ALJ 
Wi = Eyz + 302A, [ > y - b1y2” pall 5 a e : Cis ) p2Ag2®, 
Wy =D, P§(cos6) + F,—~ P8 (cos), (5) 


ere Poke Le eee eee 
Wi = Es (x — jy) + 20 (« — jy) Ap |- a oe — 
—19 (t; +t) Aj (x — Jy) 2, 


{ P; (cos 0) e-i* + Fy at B, (cos 6) e-*. 


ri 


VY =D, 


In these expressions E,, Ez and F;, Fz are respectively the inner and outer amplitudes of 
the potentials 1,0,0, and 1,T,0. 


From the continuity conditions of the potentials and normal components of induction at the 
frequencies w, and w2, we obtain the following system of equations: 
3 co 9 a a * * * * 
1) [ar + +0,3 0 — )] Ar = [0,203 — 0,873 — FC +) Ha] Ai, 
2) [Apaka — 4” + key — 272 — 4 + 8t 2p (tT + 2)] Ad = 
= — [24 + 120, + 6tapi + 3 (M2 — ho) (ta + %)] Ad, 
4 * * * * * * * * 
3) a [(le — ky + 2) Hy — t2E,) + [16 + 104 p, + 16 p, (be — ke) + 
++ 8 (tug — hey) — 40 pase (ty -+ ta)) Ap — (907, — 54r, 4 


24 pyt. — 15 (wg — hy) (ts + 1)] 4y = 0, (6) 


1 Dale A Pe * eS 
4) van (BE, -— 2t.ho] + [30 ty (ty + Te) — 60 py — 45] A, + 
+ (12 — 8 pot, — 36 pst] 43 = 0. 


In the absence of a pumping field (mp = 0), system (6) decomposes into independent 
equations characterizing the resonant oscillations in the ferrite [2]: 


3 
1) py = ee rED 
9 — 27 p3— 45+ 4prk, —4 = 0, (7) 


equation (4) of system (6) in the absence of a pumping field does not give a characteristic 
equation, because the potential 1,0,0 is not resonant. 

As we see, the action of the pumping field is almost manifest in the fact that the independent 
| oscillations become coupled to one another, and in each of the considered cases at each operating 
_ frequency w, and wz there emerges a spectrum consisting of two potentials, In this case the 

_ additional potentials caused by the action of the pumping field may be nonresonant, As equations 
| 1 and 2 of system (6) show, the basic potentials 3,0,1 - 3,1,0 are not connected with the 
additional potentials (1,0,0 and 1,1,0) and independently of the latter they can interact among 

_ themselves, Eliminating amplitudes A, and Az from equations 1 and 2, we obtain 


[rn as + Oke (ta = 1) | | 4uskis— 4 Wis -! = De Ly —4—- 


setae cere seam eae, eg ee) LL 
{+ 82 [lo (T t.)| = | U, OT Me SANs as Ho (T1 ~- Te) | 141 T2 5 


4A Dt + Orgus + 3 (ys — ke) (41 + TDI co 


The critical value of the percentage modulation of a ferrite medium, corresponding to 
| the total loss compensation, is determined from (8) and is of the form 


BY ia ope Ol 
Zu» (Wi — ky — 1) + (0,842 — 0,33) a k,e—1)° 


(9) 


Mo 


Figure 1 presents a graph exhibiting the dependence of the operating frequency, the 
pumping frequency and external threshold pumping field on the magnitude of the dc magnetic 
field. A graph for small values of the magnetic field is given in Figure 2. We see here, just 
as for the potentials 2,0,1 - 2,1,0, the case of resonant pumping is possible, characterized 
by a sharply lowered threshold. The internal magnetic field then equals (0.07) 47M. 


ae 
i kMc sie 


| 
| 44M~ /700gauss 


0 0 
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Figure 1 


Substituting the indicated value of the field into the formula (1) of the first part of paper [1], 

we obtain, taking into account (7), the following value of the threshold field of resonant pumping: 
i~ 5 Af ee a AH,. (10) 

As is well-known, certain high order potentials in the same resonant structure can have 
different resonant frequencies. This "degeneracy" is reflected in the notation of Walker by the 
third index of the potential. Thus, among the natural oscillations of a magnetized ferrite, in 
addition to the 3,1,0 oscillations, there are 3, 1,1 oscillations with an analogous structure. In 
this case the interaction of the pair 3,0,1 - 3,1,1 does not differ qualitatively from the interaction 
of the potentials 3,0,1 - ou, 0. The dependence of the threshold value of the pumping field and 
the values of the operating frequencies for the oscillations 3,0,1 - 3,1,1 are given in Figure 3. 
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2. GENERAL METHOD OF CALCULATION OF 
THE THRESHOLD OF OSCILLATION 


The determination of the threshold values 
of the external pumping field with the aid of a 
solution of the boundary problem in the case 


fore it is of interest to examine a method of 
determining the threshold, which is based on 
perturbation theory. 


ferrite with characteristic functions in the form 
of magnetostatic potentials. For simplicity, in 
future formal operations we will assume that the 
initial medium has no losses. The perturbing 
action will be regarded as both the loss in the 


caused by the pumping field. The frequencies of 
Figure 2 the perturbation oscillations w,2 will be com- 
plex, the imaginary parts of these frequencies 
wi2 describing the attenuation of the natural oscillations of the system caused by the presence 
of losses. In a regenerated ferrite, on account of the pumping field energy, compensation of 


the losses in the system will occur. In the mode of operation corresponding to the generation of 


oscillations at the frequencies w ,2 , attenuation of the system is absent, i.e., the imaginary 
parts of the "perturbed" frequencies must vanish. 


f, kMc ee 
re ? : A : VO H, OH, 
40M = mogauss | | ! | | 
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| | 50) | 
| was 
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2 + + 2 
| | | 
0 


9 
S00 "00018002000 2500000 380004800 (SOO Hoe 


Figure 3 


From the Maxwell equation, it is easy to obtain the equation 


\ (M, HY — M"H,) dv 


nea — (11) 
\ Ho dv + 4n\ MOH, dv 
ve v, 


where MP*, Ho* are the initial magnetization and field; Mi, Hy are the magnetization and field, 
disturbed by losses and pumping; Vi, Vo are the volume of the ferrite and the total volume, 
respectively; 


Ao, = ; = oh OF OP aie joy; (12) 
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of high index potentials is rather complex. There- 


system and the modulation of the ferrite properties 


| 


Let the "unperturbed" medium be a magnetized 


, is the initial frequency & is the complex perturbed frequency. 


Assuming that Im a = 0 and after eliminating the amplitude, we obtain 


2V (wir, — BN ,) (el, — EN) (13) 


my > 
om | (Ha — Ay — 1) Z1 + (ta — ha — 1) Z| ° 


In this equation I,N, Z are the following integral relations: 


fy ah (228 4 an) g 
: j, \e Oe Oy 33) es 
1 


* 


(14) 


. ~ A aye Arp 
RN OH fe lat na 7 a 8 
me Ac: dy oy ie) av , 


2 (Fete 


| For the other frequency, these relations are written with the variable indices 1 and 2. 
ype ¢ potentials drop out of (13), because they are connected with terms which are negligibly 


The 


small. 
In expressions (14) Ij and N; represent orthogonal relations for magnetostatic potentials, 
and the integral Z, characterizes the relation between the oscillations and the regenerated 
ferrite. Direct verification can convince us that this integral is nonvanishing only in the case 
of interacting potentials whose indices are determined by relation (2). If relation (2) is not 
fulfilled for the chosen potentials, the integrals Z,,2 equal zero and mp =~, which also means 
that no interaction is present. Equation (13) allows us to determine rather simply the threshold 
‘value of mo both in the case of higher type potentials and in the case of oscillations, the fre- 
‘quencies of which differ from the natural resonant values, when an application of the method 
expounded in the preceding paragraph will be hampered because of the cumbersomeness of the 


calculations. & 
In the case of potentials 2,0,1 (w; ) and 2,1,0 (wz), from (14) we determine 
(19) 


h=l=N,=2,= 4, Z,=— 2, %a, N,=0. 


Substituting (15) into (13) and taking into account equation (28) from [1], we obtain (30) from [1]. 
In the case of potentials 3,0,1 (w;) and 3, - 1,0%w2) from expression (14) we find, taking 


into account (7), 
_ 4na 42 =e Ve, 
a = 357 18 >). Ni =0, Z = — 5 (30p2), 


(16) 


4na 
T, = 3757 16-5 (16p5 + Sy2t 11), Ne =A" 16.5 (16u2 + Sus + 1), 


43 ByA5 
Zy = 5-57 16-5 [15 (0,8) — 0,3)). 


Substituting (16) into (13), we obtain an equation agreeing with (9)*. A 
By means of this method, we will investigate one more pair of potentials: 3,2,0 - 3,1,0. 


The structure of these potentials is of the form [2]: 


(x + Jy) (20 paz? — 95 (a? + y?) — 4a? (uy — 1)], 


3, 2,0 (@s): v2 =2(@—7y)*. (17) 


3, al 0 (@;): pr 


*A similar check was made for other pairs of oscillations. 
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Integrating equations (14), we obtain 


Ty = £25 16-5 (16p3 + Sui4 11), Ny = 224 16-5 (16 pi +8p, + 1), 


= 4na rc Z 4ma 1 __ 4na 8 
4=—355716-:0, 1, = N= 355 16-5 ( 5). 22 = 575.7 16-9 (44). (‘% 


Substituting these expressions into equation (13) and taking into consideration that the resonant 
=e : 2 
frequency of the potential 3,2,0 is characterized by the relation wz - Wo = 7 OM [2], we de- § 


termine the threshold my in the following form: 


2V [2 mit 0,2 (wy — Ay) 4 pa 1)? (ag — Fy) (19 
Mo key — 15pu + 1 j 


The results of the calculation of the threshold value of the external pumping magnetic 
field, carried out with the aid of equation (19), are shown in Figure 4, analogous to the 
previous treatment. 
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Figure 4 
CONCLUSION 


This investigation enabled us to draw the following conclusions. 

1. Interaction of magnetostatic type oscillations, which are the result of a regeneration 
of the system, is possible only between oscillations with a definite field structure {see equa- 
tion (19) in [1]}. 

2. In the presence of the action of the pumping field in the case of interaction of higher 
type of oscillations at frequencies w, and w2, an entire spectrum of simpler oscillations arise; 
the indices of which are determined by equations (15) and (17) from [1]. 

~ 3. The threshold value of the external pumping field, corresponding to the regime of gene 
tion of oscillations, in the region 5000-8000 Mc, amounts to several oersteds and increases 
as we raise the frequency of generated oscillations. 

In conclusion we mention the papers of G. Suhl [3] and Ya.A. Monosov [4], referred to in 
the introduction of [1]. 

Suhl obtained a formula for the threshold value of mp , similar to equation (13) of the 
present paper, A type Z integral, contained in [4] [equation (39)], correctly reflects the law 
of interaction between the oscillations. The approximations in writing the induction (30) lead 
however to a lowering of the quantitative results of the threshold value of my. Thus, in the 
case of potentials 2,0,1 - 2,1,0, the value of mo in [4] is reduced by a factor of 


V (w + w)/w, , Where w; is the frequency of oscillation of 2,0,1, i.e., at the frequency 
f; = 5000 Mc (47M =1700 gauss) the factor is approximately two. 


702 


The principal error of [5] is connected with the assertion of the impossibility of interaction 
of types of oscillations, one of which has an index m differing from n by more than two (for 
instance, 3,0, and 3,1, 4,0 and 4,1 etc.). Consequently, only one group of mutually inter- 
acting oscillations is considered. In this connection, an error also arises in equation (10), 
leading to a twofold reduction in the threshold value. In addition, the particular solution used 
in [5] is not entirely successful, because it rejects the case of the degenerate mode of operation. 

The authors express their gratitude to the student V.V. D'yachenko of the MFTI, who 
participated in the derivation of a number of formulae and in the performance of the numerical 

calculations. 
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INVESTIGATION OF MASER FREQUENCY DEPENDENCE 
UPON DIFFERENT PARAMETERS 
PART I—(THEORY, LINE J=3, K=2) 


N.G. Basov, V.V. Nikitin and A.N. Orayevskiy 


We calculated the frequency of oscillation of a maser as a function of the pressure in the 
molecular beam source and of the voltage on the sorting system both for a maser using the 
J =K =3, N'*H, line and for a maser operating on the inversion transition J = 3, K = 2, NH. 
An experimental investigation was made of a maser operating on the J =3, K =2.N“H. line 
and having two head-on beams. Good agreement was found between the results of calculation 
and experiment. It was shown that the frequency of two different masers (with two identical 
head-on beams), operating on line with hyperfine structure, can be tuned with an accuracy of 
~107!° by means of a change of pressure. 


INTRODUCTION 


This work was undertaken for the purpose of explaining the possibility of using a molecular 
generator as an absolute frequency standard with a frequency of ~10 10 In order to choose a 
maser design and mode of operation suitable for the solution of the given problem, a detailed 
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clarification is required of the variation of the maser frequency of oscillation with 
various parameters. For this purpose it is necessary to carry out both an experimental and 
theoretical investigation of the subject in order to check the correctness of our concepts con= 
cerning the operation of a maser. | 

In a number of papers the effect of various factors on the frequency of oscillation of a 
maser was evaluated, In [1,2] the dependence of the frequency of oscillation of a maser on 
the natural frequency of the cavity resonator is clarified; in [2] it was shown that the non- 
uniformity of the radiation of molecules along the cavity resonator leads to a shift of the 
frequency of oscillation; the influence of the unresolved satellites of the hyperfine structure 
was pointed out in [3]; [4] explains the dependence of the shift in the frequency of oscillation 
of the maser caused by the hyperfine structure on the voltage in the sorting system and the 
intensity of the molecular beam, 

However the analysis given in these papers cannot possibly be considered final, because — 
it does not take into account the real velocity distribution of the molecules. 

In this paper we undertake the task of calculating the frequency of oscillation of the 
maser, taking into account the different factors noted in [1-4] and assuming a velocity dis- 
tribution of the molecules sufficiently close to the real one. We studied experimentally the 
effect on the frequency of the maser of the various parameters (pressure in the molecular 
beam source, voltage in the molecular beam source, voltage in the separating system, and 
the tuning of the cavity resonator). A comparison was made of the experimental and theo- 
retical results. On the basis of the characteristics obtained in this manner we investigated 
the possibility of tuning the frequency of the maser operating on the inversion line J = 3, K =2 
of ammonia N'*H,. The maser had two head-on beams. The investigations showed that by 
means of modulating the ammonia pressure in the molecular beam we could tune the frequency 
of the maser to the frequency of the spectral line to an accuracy of the order 107° , 


1. DEPENDENCE OF THE FREQUENCY OF OSCILLATION 
OF THE MASER ON THE VARIOUS PARAMETERS 
(THEORETICAL CONSIDERATION) 


The effects which influence the frequency of oscillation of the maser to 107!° of the fre- 
quency of the radiation line are discussed at length in [4]. Therefore we will merely enumera 
them. 

I, The dependence of the frequency of oscillation of the maser on the natural frequency ot 
the cavity resonator. 

Il, The shift of the peak of the spectral line due to the presence of unresolved component; 
of the hyperfine structure and the dependence of this shift on the voltage of the sorting system 
and the intensity of the molecular beam, 

Ill, The effect of nonuniformity of molecular emission on the resonator, leading to a 
Doppler shift of the frequency of oscillation of the maser. As was shown in [2,4], this effect 
can be compensated to a considerable extent by passage through the cavity resonator of two 
head-on molecular beams of the same intensity. 

IV. The dependence of the frequency of oscillation of the maser on the intensity of the 
molecular beam and on the voltage of the sorting system by virtue of the difference between th 


real distribution of the molecules according to the time of flight and the distribution feu: : 


used to carry out the calculation in [1,4]. The deviation of the frequency of oscillation of the 
maser from spectral line frequency by virtue of effect IV is proportional to separation betwee 
the natural frequency of the cavity resonator and the peak of the spectral line and can be 
eliminated by accurate tuning of the cavity resonator at the spectral line frequency. 

In order to calculate the oscillatory frequency of the molecular generator, we may use 
the equation, [1] 


x! 5p Oo — oO 
aes 20 ¥ (4 


where x = x’ +-ix” is the average complex polarizability of the molecular beam; wo the desir 
oscillatory frequency of the molecular generator, w , is the natural frequency of the cavity re 
nator and Q is its quality factor. 
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This equation in the case of a suitable calculation of «, includes all the above-mentioned 
effects. Nevertheless, we will assume in the future, that effect III (nonuniformity of the 


molecular emission along the resonator) is compensated for by two head-on beams of the 
| same intensity and is thus notinvolved. 


In [1] a calculation was made of « for a single molecule, if the latter has two isolated 


| energy levels. For the two levels 


8, re if 
rae aes (1 — cos 7m), 


\divl? (2) 
Wine — ae hy, SID Yin 0, 


ne 


Kin a Tos 
Tin 


bm = @n—; On is the frequency of the molecular transition; dy, is the matrix element of the 
dipole moment, which can be presented in the form dy, = doA ~, where dy is the value of the dipole 


| moment, depending on the structure of the molecule, and jm describes the dependence of 

| “4 ahs Xn 3 

_ dy on the quantum numbers characterizing the given transition; 7, =7—; y= at & is the 
amplitude of the field in the resonator; @ is the time of flight of the molecule through the 


resonator (see below). If the same line consists of several pairs of independent energy 
transitions, 


x = YXm, ”” = > Kins (3) 


the summation is carried out over all the transitions. In order to obtain x, it is necessary to 
average (2) over the length of the resonator. For this purpose note that t= S 6, where Z is 


a running coordinate along the resonator,/ is its length; §6=//v, v is the velocity of the 


molecule. In such a case 3 


nF) a0 Doe, (4) 


tt) 0 


where F(@) is the distribution of molecules with respect to the time of flight through the 
resonator. 


If we designate id 
A . sin Ym, 0 
pe \ F (6) (1— a, ) ds, 
ae: ; (5) 
=| F@) i dé 
0 


and introduce a certain average line frequency w, such that wy, =wj + 1m, the solution of 
equation (1) with respect to w, close to w, , can be presented in the form 


@—®, Q an, 
= Gy toe GA, 
om o,[1 +39. 4 4] () 
where 
rele Bae? ce Deis Beast akea od oa 


(7) 


m 
Sf en ge es OE! A a 
= ’ Hp aS 
eal tim dae Dilldatie Vea tee 
m m 


In order to make a concrete calculation of the values of G and A, it is necessary to know 
the molecular distribution F(9). This distribution depends substantially on the character of the 


molecular emission from the molecular beam source. 
If the aperture diameter d of the grating in the molecular beam source is much less than 
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the foil thickness a, from which the grating is prepared, the emission of gas from the source | 
has the character of a molecular (Knudsen) source. In the grating customarily used, a ~ d, 
so that at sufficiently high pressures the emission has an intermediate character between 
molecular and viscous. But, evidently, it is closest of all to molecular, and in order to deriy 
the molecular distribution of molecules F(@) with respect to the time of flight, we will use the. 
Maxwellian velocity distribution of molecules 

Mit 


Ov, 9, g)drdQ~e aT 19 dr sin 0 cos 0 d0dg. (8 


If the angle of flight of molecules in the quadrupole capacitor is less than or equal to the angle 
at which the output aperture of the capacitor is apparent from the molecular beam source, i.e 


R 
ted< ee (9 
where R is the radius of the quadrupole capacitor, and L is its length, then all such molecules 
fall into the cavity. If, however, the angle of flight is such thattan ’>R/L, the following relat 
must be fulfilled: 

2W. 


UES io ae (10 


Wmax is the maximum interaction energy of the molecules with the field of the sorting system 
M is the mass of the molecule. From this is obtained the following distribution of molecules 
with respect to time of flight through the cavity: 


— if | 
e— 0/0? ( = Oe) +. do, ®min< 9 < ©, (i 


qr 48, 0<9< Opin, (12 


where 


= MI. Lisa l van 
6 ie 2 a Rare i Smin= 2 DV we 


Wmax depends on the voltage on the separating system. Therefore, F(@), and more importan 
G and A, depend not only ony, i.e., in the final reckoning on the number of active molecules 
entering the cavity, but also on the voltage U, i.e., G=G(y, U), A=Aly,U). 

In addition, Wmax depends on the quantum numbers of the molecular transition m, which 
leads to a corresponding dependence of F(@) on these numbers. But the characteristic quantu 
numbers of the energy levels of the molecules in the quadrupole capacitor may differ from the 
corresponding quantum numbers in the cavity. Thus, for example, for a cavity operating in t 
TEoi9 mode, the electric field in the cavity is perpendicular to the electric field in the quadruy 
capacitor, by virtue of which the projection of the total molecular moment in the direction of 
the electric field is one of the quantum numbers characterizing the energy transition and is 
different for the quadrupole capacitor in the cavity. Therefore, the distribution with respect 
to the time of flight in the cavity F,, (0) will have the form 


*For inversion levels of the ammonia molecule 
h 


WO. (dE)? "/s 
inv 
Wmax = > (+25 ) sia}, 
inv 


where E is the field intensity in the separating system; Wjny is the frequency of the inversion 
transition. 


706 


where m is the index characterizing the energy transition in the cavity; m' is the corresponding 

index for the quadrupole focussing device, and amm! is the probability of a molecule having the 

index m in the cavity if in the quadrupole focussing device it has the index m', 

is Using the distribution (13), where Fy! (9) is given by (11)-(12), we can calculate an and 
Me 

4, ke 


Figure 1, Graph of the function G(y , U) Figure 2. Dependence of the shift of the top 
of the ammonia spectral line N'4H, J =3, 

K = 3 on the saturation parameter and the volt- 
age on the sorting system U. The shift is 
caused by the presence of unresolved com- 
ponents of the quadrupole hyperfine structure. 


Vis (8) = 33 (Pend key (8), (43) 


™m 


Further calculation depends on the concrete emission line, used in the molecular generator. 
Usually the inversion line of ammonia J = 3, K = 3, which is used in the maser, consists of 
three* components due to the quadrupole hyperfine structure [3,4,6], which are characterized 
by the quantum number F), corresponding to the total spin of the nitrogen nucleus Iy and the 
angular momentum J (F; =I, + J) and the projection My, of the total moment F, in the direc- 
tion of the external field. In ammonia, F; runs through the values 2, 3, 4. Consequently, 


for the line J = 3, K =3, the index m signifies the quantum numbers of F), My .- The 
values 7 m= 1F! My do not depend on the number Mp; and can be calculated on the basis 


of [6]: 72 =1.00 ke, 3 =-1.25 kc, », =0.4 ke. The coefficients Ginceeaien are 


MM: 
given in [4]. Therefore, the calculation of functions G and A can be carried to a conclusion. 
However, such a calculation in analytic formis impossible and was performed with the aid of a 
computer. The results of the calculation are given in the graphs of Figures 1 and 2. 

Using the values of G(,, U) and A(,, U), we can calculate the dependence of the oscillatory 
frequency of the maser on pressure and voltage, if the dependence of y on these parameters 
is known. Knowing the number of molecules, emitted per unit time from the molecular 
beam source, y can be calculated from the equation [1] 

ee (14) 
~ 4xQ ~ 

Unfortunately, it is difficult to calculate the flux of molecules from the molecular beam source, 
because it differs from both the viscous and molecular type and is of an intermediate character 
which was not investigated. The deterioration of the vacuum at large molecular beam intensities, 
leading to the disruption of regeneration at sufficiently large source pressures (0,3 - 1 mm Hg), 
complicates even more the pressure dependence of y. Therefore, in order to calculate the 
oscillatory frequency of the maser as a function of the parameters, itis convenient to use the 


*Actually the J =3, K =3 line of ammonia N?4 H, consists of 12 components, since each 
of the 3 quadrupole components is split into 4 more components due to the magnetic inter- 
action. But the magnetic interaction is weak, and the correction caused by taking into account 


the magnetic splitting amounts to ~107", 
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Figure 3. Dependence of the oscillatory 
frequency of the maser on the pressure in 
the molecular beam source when effect II 
is compensated for the J = 3, K =3 line of 
N'4H,. The pressure p is given in relative 


units, the p -axis scale is logarithmic. 
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Figure 4. Dependence of the 
oscillatory frequency of the 
maser on the sorting system 
voltage with compensation of 
effect Il for the J =3, K =3 
line of N‘* H,. 


experimental graph of the dependence of the 
maser power on the parameters of the apparatus, 


We used the results of [5], where relative meas- 


urements were made of maser power as a 
function of the pressure in the molecular beam 
source and the separating system voltage. 

The results of the calculation of frequency 
of the 3,3 line are given in Figure 3 and 4, For 
a generator operating on the 3,2 line, the de- 
pendence of frequency on the parameters (volt- 


ages and pressures) is simpler than for 3,3 line. 


This, evidently is explained by the fact that the 
3, 2 line does not possess quadrupole hyperfine 
structure and for this line we must set A = 0.* 
Secondly; line 3,2 is ~12 times weaker than the 
3,3 line, so that at the maximum possible pres- 


Figure 5. Dependence of the 
oscillatory frequency of the 
maser on the sorting system 
voltage with compensation 

of effect III for the J = 3, 

K = 2 line of N'*H,. 


sures p the parameter y does not exceed ~1,5, 
The results of the calculation of the frequency fo 
the 3,2 line are given in Figures 5 and 6. 
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Figure 6. Dependence of 
the oscillatory frequency 
of the maser on the sorti 
system voltage with com- 
pensation of effect ITI for 
the J =3, K=2line of N!*E 


2, EXPERIMENTAL INVESTIGATION OF THE MASER 
OPERATING ON THE 3,2 LINE WITH TWO HEAD-ON BEAMS 


The experimental investigations were carried out in a maser, which uses the inversion 
transition line J = 3, K = 2 of ammonia N!* H, and which does not possess quadrupole hyper- 
fine structure, The feature of our design was the presence of two head-on beams (Figure 7) 


*Actually, the 3,2 line consists of 6 components caused by the hyperfine structure. The 
frequency separation between these components, however, is extremely small, and as a re- 
sult their presence does not lead to a noticeable dependence of the peak of the line (to an 
accuracy of 107"! ) on the pressure and voltage. 
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» 


of ammonia molecules, which improved the mS 

self-excitation condition of the maser, and q 5 ey b i 

more importantly, allowed us to compensate i oa Fe Se 

partially for the nonuniformity of emission 150 pty =p 

of molecules along the cavity resonator, a y / £ 

condition which leads to a shift in the fre- 

quency of oscillation of the maser [2, 4]. Figure 7. Schematic diagram of the maser 
In order to diminish this effect, we effected with two head-on beams operating on the 

a power tap of the emission in the middle of J =3, K=2 line of N'* Hee; 

the cavity resonator, The cavity resonator a - molecular beam source; b - quadrupole 
was made of invar; its parameters were focussing device; c - cavity; d - diaphragm 
selected in such a manner that the maser cooled by liquid nitrogen. 

was excited in the TEo;9 mode. The cavity 

length was ll.2 cm, which ensured transit line width of the order of 1 kc. The cavity 
resonator was tuned with the aid of a screw dipped into the cavity resonator in its median 
plane. The frequency of the cavity resonator could be changed by several megacycles, with- 
out substantially lowering its quality (Q ~ 9000). Sorting of the molecules according to energy 
levels was accomplished with the aid of quadrupole focussing devices 15 cm in length. In order 
to improve the beam intensity, we placed between the beam source and the sorting system a 
diaphragm with an aperture diameter 0.6 cm, cooled by liquid nitrogen. The beam of 
molecules was obtained with the aid of a lattice with square apertures 0.05 x 0.05 mm ; the 
distance between the apertures also equaled 0.05 mm. 

This design of a maser was used to study its frequency of oscillation as a function of 
various parameters (pressure in the molecular beam source, voltage on the sorting system, 
and the cavity resonator frequency). 

In our arrangement there were three masers of the same design. During the measure- 
ments of the dependence of the maser frequency on the parameters, the frequency of the 
adjustable maser was compared with the fixed frequency of another maser. * 

The signal of the two masers was fed to the balanced mixer of a superheterodyne receiver, 
using as a heterodyne a klystron stabilized by a cavity resonator. The signal of intermediate 
frequency (60 Mc) was amplified by an amplifier with a 2 Mc band. At the detector out- 
put the difference frequency of the two masers was isolated and was compared with the 
frequency of an audio oscillator by means of Lissajous figures; a conversion circuit permitted 
a measurement of the frequency of the audio oscillator by means of a quartz crystal oscillator 
with an accuracy of 0.1-1 cps. 

The pressure in the molecular beam source was measured by a manometer tube type 
LT-2. 

For compensation of the effect related to the nonuniformity of the emission of molecules 
along the length of the cavity resonator, the pressure inside the source was determined with 
the aid of measurements of the frequency of oscillation of the maser. Two such pressures for 
each of the head-on beams were selected: 


p; and p;'' for the first beam 


p?# and p3' for the second beam, 


at which the frequency of oscillation of the maser (which is a function of the pressure of the 
first and second beams) satisfied the following conditions: 
V(Piy P,) =V(Pi> P,) (15) 


Since the 3,2 line was used in the maser, the frequency of oscillation depends monotonically 
on pressure. Equation (15) ensures the equality of the beam intensity at pr = p72 and pjf' = pt. 


*The measurements showed that several hours after filling with liquid nitrogen, the 
relative change in the frequency of oscillation of the two masers did not exceed 1 cps after 


10 min, 
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The measuring tube was used not as an absolute measuring device, but merely to fix a 
specific value of pressure. A check of the accuracy of such a method can be made from two 
absolute points of pressure, corresponding to the point where oscillations cease in each of 
the beams individually. The variation of the frequency of oscillation of the maser with pres- 
sure and voltage was recorded at various separations of the cavity resonator frequency and 
spectral line frequency. Then the characteristics were recorded both for a maser operating 
on a single beam, and for a maser operating with two identical head-on beams. The results 
of the measurements are given in Figures 8, 9, 10. 
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Figure 8. Dependence of Figure 9. Dependence of Figure 10. Dependence of 
the frequency of oscillation the frequency of oscillation the frequency of oscillation 
of a maser with two identical of a maser with a single of a maser with two identical 
head-on beams (J =3, K=2, beam (J =3, K=2, N'*H;) head-on beams (J = 3, K =2, 
N!4 H,) on pressure in the on the pressure in the molec- N!*H;) on the voltage on the 
molecular beam source (ex- ular beam source (experi- quadruple focusser (experi- 
perimental curves). mental curves). mental curves). 


It is apparent from the figures thatfora maser with two identical head-on beams, there 
exists a value of cavity resonator frequency such that the frequency of oscillation of the maser 
does not depend on pressure. This corresponds to accurate tuning of the cavity resonator 
frequency to the spectral line frequency (resonance curve). 

The curves of the frequency of oscillation of the maser as a function of pressure and volta: 
recorded after equal intervals of change of cavity resonator frequency, are symmetrical rela- 
tive to the resonance curve during operation of a maser with two different beams. During 
operation with a single beam, symmetry is violated, and the frequency of a maser with one 
beam differs from that of a maser with two head-on beams in the case of pressure tuning. 

The investigation of the possibility of tuning the frequency of the maser to the frequency of the 
spectral line showed that two different masers with two identical head-on beams having a 
symmetrical design relative to the cavity resonator (during a measurement of the difference 
frequency to an accuracy of 1-0.5 cps), tuning to an accuracy of 3 cps, was attained by a 
change in the pressure in the molecular beam source. 

In the absence of symmetry in the design, together with a shift in the frequency of 
oscillation caused by the presence of a difference in molecular beam intensity, we observed 
an additional shift in the frequency of oscillation even in the case when each beam separately 
gave the same amplitude of oscillation: a change in the distance between the diaphragm and 
the molecular beam source in one half of the resonator reduced to a frequency shift in com- 
parison with the frequency in the case of a symmetrical design by 15-20 cps, the shift being 
dependent on the voltage of the sorting system. 

Upon decreasing the distance between the molecular beam source and the diaphragm by 
8 mm in comparison with the dimensions indicated in Figure 7, we failed to obtain oscillation 
if the maser was operated on only one beam, 
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These effects are, evidently, connected with a change in the effective width of the spectral 
ine in the cavity resonator. It is expedient to carry out a more extensive investigation of 
these effects in cavity resonators using N‘* H, , because in this case the parameters can be 
aried over wider limits. 


3. DISCUSSION OF RESULTS 


By comparing the calculated curves of the dependence of the frequency of oscillation of a 
jmaser for the 3,2 line on pressure and voltage with the experimental curves (Figures 5,6, 8,10), 
we see that the calculated curves convey the functional behavior of the maser frequency. A 
quantitative comparison of the theoretical and experimental values requires absolute measure- 
ments of maser power, which are difficult to carry out with a sufficient degree of accuracy. 
It should be noted however that by means of a small change in the scale of the pressure axis, 
sufficiently good agreement can be obtained between the theoretical and experimental curves, 
which indicates the validity of the concepts prescribed in the calculation. We note that no 
choice of pressure scale enabled us to join the experimental curves recorded for a maser 
'with a single molecular beam with the theoretical curves calculated for the case of compensa- 
tion of effect II (nonuniformity of the emission of molecules along the cavity resonator). 

A maser with two identical head-on beams, operating on a spectral line having no hyper- 
fine structure and having a symmetrical design, can be used as an absolute frequency standard 
(time) to an accuracy of 107!° , 
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Fe3*t SPIN LEVELS IN CORUNDUM 
G.A. Siulina and G.A. Feshchenko 


The eigenvalues of the spin Hamiltonian used by L.C. Kornienko and A.M. Prokhorov for 
the interpretation of the splitting of the spin levels of the Fe? ion in corundum are calculated 
and tabulated for magnetic field orientations in which both iron ions in the elementary cell are 


magnetically equivalent. 
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INTRODUCTION 


The study of the electron paramagnetic resonance of the Fe? sl ion in corundum is of 
great importance for the creation of paramagnetic amplifiers. 
In the Al, O; crystal lattice, the Fe? * ion is found in the ground state °S5/2 and has a 
total electron spin S =5/2. The strong electric field of the lattice splits the lower orbital 
singlet of the ion into three spin doublets, which are split further by an external magnetic 
field (Figure 1). The separations of the spin doublets equalA, = 0,402 em~! and A, = 0.642 
em! , and consequently even in a low magnetic field, a three level paramagnetic amplifier can 
be realized in the microwave region, because the mixing of states necessary for saturation of 
a subsidiary transition is guaranteed by both the external magnetic field and the cubic component 
of the crystal electric field [1,2]. The decrease in magnitude of the magnetic field necessary 
for the operation of a paramagnetic amplifier is undoubtedly of practical interest. 
By using the Fe?* ion in the microwave 


ye region at various crystal orientations we can 
04 obtain versions of the paramagnetic amplifier | 
HG two-stage use of subsidiary emission, enabling 
a ee us to vary the frequency of the subsidiary emissic 
LR ae Ms, ee =a at a given signal frequency. 2 
REIS rac) ani ae a There is great interest in the use of Fe? 
Electrical field ~# Siren in microwave paramagnetic amplifiers, be- 
of the crystal, x cause here the system of energy levels permits 
a version of the paramagnetic amplifier with 
Figure 1. Splitting of the two-stage use of subsidiary emission, whereas 
orbital singlet of the Fe?* for the Cr** ion similar combined versions can 
ion key. be realized at waves shorter than 6 cm. 


At an arbitrary orientation of the cubic 
axes of the magnetic field and of the trigonal axis of Fe** ion two magnetically nonequivalent 
systems [3,4] are formed, each of which gives its system of lines of different intensity. Thus 
the complete spectrum consists of 30 lines. The richness of the spectrum creates favorable 
conditions for the study of cross relaxational phenomena in the paramagnetic amplifier [5], 
which arise with: a) matching of transitions between spin levels of the same ion; b) matching 
of transitions of ions of different systems; c) matching of transitions of the Fe’ + ion with © 
transitions of another paramagnetic ion introduced into the same lattice. 

The initial investigations of paramagnetic resonance of the Fe** ion in AlzO, were made 
by L.C. Kornienko and A.M. Prokhorov [3], who showed that the observable spectrum of 
electron paramagnetic resonance can be explained with the aid of the spin Hamiltonian in the 
form proposed by Bleaney and Trenam [6]. Its constants were measured at room temperatures. 
The measurements of the constants over a wide temperature range were performed by Bogle 
and Symmons [4]. A calculation of the eigenvalues and wave function for a parallel orientation 
was made by V.M. Vinokurov, M.M. Zaripov and N.R. Yafayev [7] . 

In this paper a calculation is made of the energy level at an arbitrary orientation of the 
magnetic field relative to the trigonal axis in the planes for which all the ions are magnetically 
equivalent. The numerical results are given in the form of tables and graphs enabling us to 
find the magnitude of the magnetic field, the crystal orientation and the wavelength of the 
subsidiary emission, at which it is possible to create a paramagnetic amplifier of a given 
range, and to calculate the probability of transitions for the fundamental and subsidiary 
emission. 


1. SPIN HAMILTONIAN AND NONEQUIVALENT SYSTEMS 


The paramagnetic properties of a Fe?* ion, introduced into the Al,0,; crystal 
lattice, are determined by the trigonal and cubic components of the electric field created at 
the site of the position of this ion by the octahedrom of oxygen ions. In this case there exist 
two types of octahedrons corresponding to two possible positions of the Fe?* ion in the unit 
cell, The trigonal axes of symmetry for both types of octahedrons coincide and form the 
(111) direction in the cubic axis system, and the cubic axes corresponding to different 
octahedrons, are turned 60° relative to one another around the trigonai axis. Therefore, 
for an arbitrary mutual orientation of the external magnetic field the trigonal axis and cubic 
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es of magnetically nonequivalent ions differ in the orientation of cubic axes. Experiment 

ows [38,4] that for any orientation of the magnetic field relative to the trigonal axis, the 

ectra of both systems can be superimposed by turning the crystal around the trigonal axis, 

,e., by choosing the orientation of the cubic axes relative to the magnetic field. We will 

arify the conditions under which this occurs. 

The splitting of the spin levels of the Fe>* ion in corundum is interpreted with the help of the 
in Hamiltonian in the form 


$(S+1)884+35—1)| ue 


1 
3 


- 
: 02 dl rs Ao 
p| 8: ps (OH 1)| Lp F [3583-305 ($ +1)334 


pbs 6 61S. 14+ 357(8 +1), 


here S is the effective spin (S + 5/2); S;, S,, S, are the operators of the projection of spin on 
e axis of a coordinate system in which the Z axis coincides with the trigonal symmetry axis 
f the crystal field; S: , S,, S, are operators of the projection of spin in the cubic system of 
oordinates; H is the vector external magnetic field; g is the spectroscopic splitting factor; 
3 is the Bohr magneton; D, F are constants of the electric crystalline fields of trigonal 
symmetry, of the second and fourth orders respectively; a is the constant of the electric field 
xf cubic symmetry. The constants of the spin Hamiltonian depend on temperature and at 
t.2°K have the following values: D =0.1719 cm! a-F = 0.339 cm7!, }al=0.0224 cm™!, 
>= 2.003 [4]. 
| For a spin Hamiltonian of the form (1), the influence of a cubic field on the angular dependence 
of spectrum in strong magnetic fields is determined by the magnitude of the parameter p = /?m? 
Ut. 1272 + m?n?, where Il, m, n are the directional cosines of the magnetic field in 
ubic axes [6]. We choose a coordinate system in which the magnetic field lies in the zox plane. 
[f the angle between the magnetic field and trigonal axis equals a, the directional cosines of the 
magnetic field in the x, y, z axes equal Jo = sina, mo = 0, no = cosa. The orientation of the 
cubic axes is characterized by the Euler angles 6, p,, gi(i = 1,2), wherein 01: =, gi = q, 
Po =" 1 aa 60°. 

For our choice of the relative location of §, ni, 6: and x,y,z = 225°, 0; = 125° and the 
directional cosines of the magnetic field in the cubic axes equal 


i ae 
l= —apsin a cos p+ V tsing ) —-V + 0084, 
m =F ail a( cos y-Y/ + sing) — V teos. ; 


geo R. 2 {SE 
i V = sina sin) — ]/ C08 a1 


For the parameter p we obtain 


; iy 
sin? a + = costa 2h sin? a cosa sin3¢, (2) 


In the parallel (a = 90°) orientations p does not depend on p, and all the ions are magnetically 
equivalent. At the intermediate orientations, with a rotation of the crystal around the trigonal 
axis, the spectrum of each system is repeated after 120°, and the total observable spectrum 


after 60°, The conditions of coincidence of the spectra of the two systems can be represented 
in the form 


P(?) = p(v + 60°), 


which, taking into account (2), leads to the condition tpo = na/3, n = Hop, Gyaoe G | LAB SS ERNSh i 10) 
convince oneself that, in this case, the zox plane containing the magnetic field vector lies at 
half the dihedral angle formed by planes passing through the trigonal and corresponding cubic 
axes of the two systems. Thus the equivalency of the ions is due to the presence of cubic axes 
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relative to planes containing a trigonal axis and magnetic field, and consequently, the result 
obtained above is valid for any value of the magnetic field. 

When the spectra coincide, the sign of the constants of the cubic field does not influence 
the results, and the experimental data are sufficient for carrying out numerical calculations. 


2, SECULAR EQUATION. NUMERICAL RESULTS 
We calculate the spin Hamiltonian (1) in the representation, in which the operators 8? Sa 
are diagonal. Using the three-dimensional rotation matrix with § = 125°16’, g = 225°, p = 0 


and transforming the components of spin in the cubic axes according to a proper transformatior 
of the components of the vector, one can show that in the §, representation the energy matrix h 


the form 
ip 4Vi5 
| 5 _. [ee 0 Seti ) 0 
Wo, 2 
a gy hb cosa 


V5 2 yee 
Ue as petal V2hsina 0 0 0 


Higa heos a 


| ey 8 “= 2b ea} 7 | 
0 PMT NM | eet ill me OST Re) 0 ic 
3 2 | 
| 
ed 
i = bcos a ! 


ic 0 % hsina a = zbre Vihsina 0) | 
2 | 7 (3) 


| h 
1 Sanne 
E ») 5 
se aa hte. 
0 r 0 0 V2hsina ee wees Marie 
3 
— x bcos o 
| 0 0 —ic 0 re cee dere 
2 3 
Ls 
5 
—7 cosa 


dD 


where the dimensionless values hk = = Pope a wee Ay a are introduced. 
ee hs 
The eigenvalues are roots of the secular equation 


| Hi: — e6ix | = 0, (4) 
where « = L/D. 

In the case of a parallel (a = 0) and perpendicular (a = 90°) orientations this equation de- 
composes into a number of equations of lower order. Thus, in the parallel orientation equatio 
(4) is decomposed into two linear and two quadratic equations, which enables us to obtain simp 
relations for the eigenvalues and wave functions [7]. In the perpendicular orientation, equa- 
tion (4) decomposes into two cubic equations and can be written in the form 


[10 — V5 10 —b Vi 
‘oem ie may Be pee Siig 
V5 2 5 5 2 (5) 
5} h 3 Lb—e V2h Lass Tspoilise Vin =0. 
mG V2h hae ic Vin PS Se 
4 . 2 3 i 
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Figure 2, Energy-level diagram of Figure 3. Energy-level diagram of 
Fe?" ion in corundum for a = 0°. Fe3* ion in corundum for a = 30°. 
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Figure 4. Energy-level diagram of @ igure 5. Energy-level diagram of 
Fe?" ion in corundum for a = 60°. Fe?" ion in corundum for a = 90°, 


In the general case of an arbitrary orientation, one must obtain a numerical solution of 
a sixth-degree equation. Solving equation (4), we can demonstrate that its coefficients are 
real. 

We have carried out a numerical solution of equation (4) over the interval a = 0 — 90°, 
h = 0—5.9 with a step of Ah = 0.1, Aw = 5°. The behavior of the energy levels with a change 
in the magnitude of the magnetic field for a =0, 30, 60, 90° is illustrated in Figures 2-5, 
In the appendix, values are given for the energy of the spin levels & of the Fe3* ion in 
corundum for seven orientations of the external magnetic field with respect to the trigonal 
axis of the crystal (w =0, 15, 30, 45, 60, 75, 90°) with a step of Ah = 0,2 (AH = 364.5 oe). 

It is essential to note that upon diagonalizing matrix (3) the value was increased to 


zoo ts = 3.1104, This shift of the level must be taken into account when calculating 


the wave functions. 
The authors express their gratitude to A.M. Prokhorov and L.S. Korniyenko for their 


interest in the work and fruitful discussions. 
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Appendix 


Spin Levels of the Fe?* Ion in Corundum* 


h “€; €2 £3 Ey &5 i) 
C—0e 
0.0 0,3126 0,3126 2,6413 2,6413 6, 3784 6,3784 
0.2 0,2070 0, 4058 2,3413 2,9413 5, 8853 6, 8840 
0.4 0, 1075 0, 5049 2,0413 38,2413 5, 3864 7, 3836 
0,6 0,0078 0, 6038 1,7413 3,0413 4, 8872 7, 8832 
0.8 —0,0918 0,7024 1,4413 38413 4, 3886 8, 3828 
1.0 —0,1915 0, 8004 1,1413 3,8906 * 4,1413 8, 8825 
Ae 2 mm nZone 0,8413 0,8974 3,3936 4,4413 9, 3823 
1.4 —0,3910 0,5413 0, 9926 2 ,8984 4,7413 9, 8821 
1.6 —0,4908 0, 2413 1,0835 2,4075 5,0413 10,3819 
1.8 —0,5906 —0,0587 1,1601 1 ,9309 5, 3813 10,8817 
2.0 —~0,6905 —0,3587 1,1485 15425 5, 6413 11,3815 
Dae 0), 7903 —0,6587 0,8152 1,4758 5, 9413 14,8814 
2:4 —~0, 9587 —0,8902 0, 3460 1 ,5450 6, 2413 12,3812 
2.6 —1;2587 | —0,9901 | —0,1434 41,6341 65413 12,8844 
2.8 41,9087 —1,0900 —0,6377 1,7287 6 8413 13,3810 
3.0 Wi ,8587 —4 1898 —1,1344 1,8255 7,1413 13,8809 
Sue mz, dood One. —1 ,2897 14,9233 7, 4413 14,3808 
3.4 —=9 4587 | —2,4907 | ==1, 9807 2, 0218 7,7413 14,8807 
3.6 Soa hatesh —2,6296 —1,4896 2,1206 8, 0413 15,3806 
3.8 5, 1200 —3,0587 —1,5895 2,2197 8, 3413 15,8805 
4,0 —3, 6280 —3,3587 —1,6994 2,3190 8, 6413 16,3805 
4.2 A ee —3,6587 —1i,7894 2,4184 8, 9413 16,8804 
4.4 —4,6269 —3, 9587 —1,8893 2,0179 9, 2413 17,3803 
4.6 —5,1265 —4, 2587 —1, 9892 2,6175 9,5413 17,8803 
4.8 —5,6261 —4,5587 —2,0892 Patty 98413 18,3802 
5.0 —6,1258 —4,8587 —2,1894 28169 10,1413 18,8802 
one —6 ,6256 —5 1587 — 2, 2891 2,9166 10,4413 19,3804 
5.4 —7,1253 —5 , 4587 —2,3890 3,0164 10,7413 19,8801 
5.6 —7,6251 | —5,7587 | —2,4890 3,1162 11,0413 20,3800 
5.8 —8, 1249 —6,0587 —2,5889 3,2160 11,3413 20,8800 
Gimtio- 

0.2 0,1805 0,4276 2,d004 2 ,9324 5, 9032 6, 8679 
0.4 0, 0492 05443 2,0688 3,2255 5, 4241 73028 
0.6 —0,0888 0,6562 1,7904 3,0204 4,9478 7,8391 
0. —0, 2350 0, 7607 41,9217 3,8158 4,4749 8, 3266 
1.0 —0,3913 0,8460 1, 2764 4,0012 4,1473 8, 8152 
42 —0,5600 0, 8385 1,1294 3,5406 4,4115 9 ,3047 
1.4 —0,7437 0, 6989 1,1613 3,0836 4,7095 9,7951 
1.6 —0, 9448 0, 4338 1 2454 2,6364 50084 10,2864 
1.8 —1,1652 0, 2083 1,3304 2, 2066 5, 3071 10,7779 
2.0 —1,4064 —0,0118 1,3778 1,8283, 5,6063 44,2702 
2.2 —1,6676 —0, 2283 1,2175 41,6742 5, 9059 11,7630 
2.4 —1,9490 —0, 4468 0,8721 1,7264 6, 2056 12,2564 
2.6 —2,2491 —0,6756 0,5184 14,8158 6,5055 12,7504 
2.8 —2,5670 —0,9246 0,1932 1,9134 6 ,8055 13,2442 
3.0 —2,9015 —1,2014 —0,0907 2,0138 7,1056 13,7387 
3.2 —3,2520 —1,5057 —0, 3323 2,41154 7,4058 14,2335 
3.4 —3,6178 —1 ,8321 —0,5376 2,2175 7, 7060 14,7287 
3.6 +3,9981° | 2 4746 “1 20,7450 23200 8,0063 15,2240 
a8 —4,3921 —2,5169 —0,8750 2,4225 8, 3066 15,7197 
4,0 —4,7989 —2,8630 —1,0209 2,5250 8,6070 16,2155 
4.2 —d,2172 —3,2071 —1,1573 2,6275 8, 9074 16,7116 
4.4 —5,6460 —3,5479 —1,2869 21299 9, 2078 17,2079 
4.6 —6,0839 —3,8846 —1,4114 2, 8322 9, 5082 17,7043 
4.8 —6,5298 —4,2174 —1,5324 2,9345 9 ,8086 18,2009 
5.0 —6,9826 —4,5464 —1 ,6497 3, 0366 10,1094 18,6977 
ee —7,4412 —4 8719 —1,7650 3, 1387 10,4095 19,1946 
5.4 —7,9049 —d,1944 —1,8783 | 3,2407 10,7099 19,6917 
5.6 —8 , 3729 —5 5143 —1,9901 3,0427 11,0104 20,1889 
5.8 —8 8445 —), 8318 —2,1005 | 3,4445 11,3408 20, 6862 


* In the following tables, all commas represent decimal points. 
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Appendix (continued) 


h | g, | e; £, | ey | q 
= 30° 
0,2 0,1251 0,4704 2,3873 2,9059 59,9597 
0,4 —0,0730 0,6149 2,1477 3,1786 5, 9346 
0,6 —(), 2881 0,7343 1,9295 3,4574 51228 
0,8 —0,5204 0, 8151 1,7469 3,7408 4,7224 
1,0 —0,7699 (), 8346 1,6252 4,0244 4,3378 
1,2 1, 0366 (), 7645 41,5850 3,9524 4, 3281 
1,4 —1 3199 06185 1, 6093 3,6015 4,6185 
1,6 —1,6191 0, 4335 1,6613 3, 2734 4,9136 
1,8 —1 ,9332 0, 2255 1,7110 2,9811 59,2108 
2,0 —?2, 2614 0,0022 1 ,7307 2,7444 5, 5093 
vad —2,6027 —0, 2338 41,6883 2,5924 5, 8088 
ede) —2,9561 —0, 4817 1,5688 2,5390 6 ,1092 
206 —3,3208 —0,7413 1,3961 2,9594 6,4102 
2,8 —3 ,6960 —1 ,0120 1, 2027 2,6200 6,7116 
3,0 —/ ,0810 —1 , 2928 41,0073 2, 7008 7,0134 
Oates --4, 4791 —1 ,5823 0,8177 2,7919 G5315) 
ia —-AROhLo: —1,8791 0, 6366 2, 8886 7,6178 
3.6 —5, 2877 Se) She 0, 4645 2,9890 7,9202 
3,8 —5, 7050 —2,4887 0, 3009 3,0912 8, 2228 
4,0 —-6 1290) —2,7989 0,1449 3,1946 8, 5254 
4,2 —f 5589 — 3 Andis —(,0044 3, 2987 8, 8281 
4,4 ~-4 9944 —3, 4253 —0,1480 3, 4033 9,1308 
4,6 —7 ,4350 —3,7400) —(), 2866 3,5080 9,4334 
4,8 —7 ,8802 —4,0552 —0,4210 3,6129 9,7361 
50 —8 , 3295 —4,3704 —0,5518 TRICE 10,0388 
Ne —8 , 7827 —4,6854 —() 6794 3,8225 10,3414 
fA —9 2394 —5, 0001 —0,8043 3,9273 10,6440 
o,6 —9 ,6993 —5,3143 —(), 9268 4,0319 10,9465 
ao —10,1620 —5, 6280 —1,0473 4,1364 14,2490 
a 40 

0,2 6, 0671 0,5113 2,4405 28632 6, 0385 
0,4 —0, 2009 0,6729 2,2673 3,1022 5, 7075 
0,6 —U, 4932 0,7791 2,1316 3, 3994 5,3937 
0,8 —0,8062 0,8155 2,0453 3, 6202 5, 0996 
1,0 ——AAS 72 0,7759 2,0123 3,8935 4,8292 
tere, —1,4837 0,6695 2,0203 4,1663 4,5924 
1,4 —1,8439 0,5149 2,0476 4,3014 4,5290 
1.6 —2,2160 00,3276 2,0745 4,1498 4,7909 
1,8 —2,5986 0,4176 2,0868 4,0069 5, 0861 
2.0 —2,9908 —, 1092 2,0755 3, 9019 5, 3878 
Da —3,3913 —0,3493 2,0367 3, 8381 5, 6928 
Dively —3,7995 —(),6003 1,9712 3,8131 5, 9999 
BA —4,2145 —,8605 1, 8835 3,8209 6, 3084 
2.8 —4,6359 —1',1284 1,7796 3, 8545 6,6177 
ron) —) , 0629 —1,4029 1 ,6649 3,9072 6, 9276 
Roe —5 , 4950 —1!,6829 1,5438 3,9738 7,2377 
3,4 —5 , 9320 —1,9675 41,4192 4,0502 7,0480 
oe) — rowed — 22001 1,2932 4,1337 7, 8583 
3,8 —6,8185 —2,0478 1,1670 4,2224 8,1685 
4,0) —7,2673 —2,8421 1,0415 4,3147 8, 4785 
4,2 — 7, 1190 —3,1386 0,9169 4,4098 8, 7883 
4,4 —8,1748 —3,4368 0,7936 4,5068 9,0978 
4,6 —8,6329 —3, 7365 0,6716 4,6053 9, 4070 
4,8 —9, 0936 —4,0372 0,5510 4,7050 9,7160 
5,0 —9,5567 —4,3389 0,4318 4, 8054 10,0247 
aye —10,0220 —4,6413 0,3137 4, 9065 10,3330 
5,4 —1(), 4893 —4,9443 0,1969 5, 0080 10,6411 
5,6 —10, 9584 —5,2477 0,0812 5,1099 10,9489 
0,8 —11,4294 —d,0014 —0,0335 5,2121 11,2564 
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Appendix (continued) 


RNMWCORDHRNOWADBHLNMNOCAOOGHAY 


CHOON OR BR RR WWWOWWNNYNYNNE EEE rFOCOSCO 


ADRNOCODRNO 


PNMwOCODRDL 


on) 


DOARNCORRNOCARNOH 


COrOTONOTONR RRR RWWWWWNNNYNNRE ER EE OOOO 
5° 


a = 60° 
0,0189 0,5422 2,5080 2,8063 | 6,1452 6, 6444 
—0,3067 0,7099 2,4126 92,9992 | 5,9277 6, 9224 
—0,6605 0,7949 2, 3609 34181 | 5.7340 7,2473 
—1'0356 0,7942 23507 3,4607 55664 7,5284 
—1,4274 0,7195 2, 3681 3, 7221 54280 7,8541 
—1,8316 0,5897 2,3951 3,9948 53233 8,1934 
—2,2466 0,4214 2,4178 4, 2665 5, 2605 85452 
—2,6704 0.2262 2, 4267 4, 5445 5, 2580 8, 9086 
—3,1014 0,0114 2, 4216 4,7014 5, 3493 9 2827 
—3,5387 | —0,2180 2, 3986 48081 55483 9, 6666 
—3,9815 | —0,4590 2, 3598 48699 5 8160 40,0595 
—4,4289 | —0,7092 2,3072 49201 6, 41147 10,4608 
—4,8805 | —0,9669 22430 4,9723 6, 4271 10,8697 
—5 8358) |" 1.2808 2,1695 5 ,0306 6,7457 11,2856 
—5,7944 | —1,4999 2,0887 50954 7,0671 11,7078 
—6,2559 | —1,7733 2,0022 5 1662 7, 3895 12,1360 
—6,7201 | —2,0505 1,9114 5 2422 7, 7124 12,5695 
—7,1866 | —2,3307 41,8174 5, 3225 80343 13,0079 
—7,6553 | —2,6137 41,7209 5, 4064 8, 3558 43,4507 
—8,1260 | —2,8989 41,6225 5, 4934 8, 6764 13,8976 
—8,5985 | —3,1861 41,5229 5 5822 8,9960 14,3483 
—9.0727 | —3,4749 41,4222 5 6732 93146 14,8023 
—9,5483 | —3,7652 41,3208 5,7657 9, 6322 15,2595 
—10,0253 | —4,0568 41,2189 5 8596 9, 9488 15,7195 
—10,5036 | —4,3494 41,1167 59545 10,2644 16,1824 
—10,9831 | —4,6429 41,0142 6, 0503 10,5792 16,6471 
—11,4637 | —4,9373 0,9115 61469 40,8930 17,1143 
—11,9453 | —5,2324 08087 62440 11,2064 17,5835 
—12,4278 | —5,5281 0,7059 6,3416 11,5184 18,0546 

a = 75° 
—0,0125 0,5611 2,5838 2,7381 6, 2680 655262 
—0,3755 0,7290 25677 2,8743 6,1775 6,6917 
—0,7683 0,7975 2,5868 3,0544 6,1144 6 8802 
—4,1820 0,7742 2,6232 3, 2793 6,0793 7,0907 
—1,6105 0,6802 26594 35392 60744 7, 3222 
—2,0501 0,5370 26843 38181 6, 1014 7,5740 
—2,4981 0,3599 2°6953 4,1000 6, 1625 7,8451 
—2,9528 0, 1590 2,6916 4,3719 6 2603 81346 
—3,4129 | —0,0591 26744 46236 63969 8,4418 
—3,8774 | —0,2903 26449 4,8491 6,5726 8.7658 
—4,3455 | —0,5317 2,6048 5 ,0469 6,7845 9,1057 
—4,8168 | —0,7814 25556 5, 2193 7,0271 9 , 4606 
—5,2907 | —1,0374 2,4989 53714 7,2931 9 8294 
—5,7668 | —1,2985 2,4357 55075 7,5757 10,2112 
—6,2450 | —1,5644 23672 5 6328 7,8693 10,6048 
—6,7248 | —1,8341 22942 5,7505 8, 1698 11,0092 
72063. | 2.4070 2,2175 5 8628 8,4743 11,4234 
—7,6890 | —2,3827 2,1378 5,9714 83,7811 11,8463 
—8,1730 | —2,6608 2,0554 6,075 9 0888 12,2769 
—8,6581 | —2,9409 41,9708 6, 1817 93967 12,7145 
—9,1441 | —3,2999 18844 62847 9,7044 13,1583 
—9,6311 | —3,5065 41,7964 63868 10,0417 13,6074 
—410,1188 | —3,7914 41,7070 6, 4882 10,3184 14,0614 
—10,6073 | —4,0776 4 ,6165 65892 10,6244 14,5196 
—11,0964 | —4,3649 45250 6 6897 10,9298 14,9815 
—11,5861 | —4,6532 41,4327 6, 7904 11,2346 15,4468 
—12,0764 | —4,9424 1.3396 68902 11,5388 15,9150 
—12,5672 | —5,2323 41,2458 6, 9902 14,8425 16,3858 
—13,0585 | —5,5230 41,1515 7,0900 12,1457 16,8590 
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Appendix (continued) 


at e; eg, &, &, f, 
a= 99° 
0,4 —0,3992 0,7348 2,6942 2, 7587 6, 4381 6, 4384 
0,6 —0,8054 0,7973 2, 7343 2, 9286 6,5041 6,5059 
0,8 —1,2324 0, 7665 2,7693 3,1639 6,5953 6,6018 
1,0 —1,6731 0, 6664 2,7944 3, 4393 6,7411 6, 7266 
152 —2,1244 0,5187 2,8074 3, 7342 6 8494 6, 8824 
1,4 —2,5835 0, 3387 2,8078 4,0225 7, 0080 7,0714 
1,6 —3,0485 0,1359 2,7961 4,3022 7,1848 7, 2943 
1,8 —3,5183 | —0,0835 2,7733 4,5633 7,3774 7,5526 
2,0 —3,9919 —0,3153 2,7406 4 ,8026 7,5837 7,8450 
252 —4,4685 —0,9568 2,6991 5,0199 7,8017 8, 1693 
2,4 —4,9477 —(),8060 2,6502 5, 2164 8, 0299 8, 5220 
2,6 —5,4291 —1,0615 2,5949 5, 3950 8, 2666 8, 8989 
D8 =. 9123 11,3220 25344 5, 5583 8,5106 9, 2961 
3,0 —6, 3971 —1,5869 2, 4686 5, 7093 8, 7609 9, 7099 
oy —6 8832 = ieoes 2,3990 5, 8504 9 0165 10,1374 
3.4 —7.3705 —2,1269 2,3261 5, 9835 9, 2768 10,5757 
3,6 —7,8588 —2,4011 2, 2501 6,1104 9,5411 41,0230 
3,8 --8, 3481 —2,6776 2,1717 6, 2324 9, 8088 11,4776 
4,0 —8 , 8382 —2,9561 2,0910 6, 3503 10,0795 11,9382 
4,2 —,3289 —3, 2364 2, 0085 6, 4651 10,3528 12,4037 
4,4 — 8203 —3,5182 41,9242 6,5773 40,6285 12,8733 
4,6 —10,3123 —,8014 1,8385 6, 6875 10,9062 13,3463 
4,8 | —10,8048 —-i,0859 41,7516 6, 7959 11,1856 13,8223 
Ol etd 2O79 STA 1,6635 6, 9030 11,4667 14,3008 
5 —11,7912 —4.6579 41,5744 7, 0089 11,7492 14,7814 
5,4 12,2850 —4,9454 1 ,4844 7,1139 12,0330 15, 2638 
5,6 SAPS) -5 , 2336 41,3936 7,2181 12,3179 15,7478 
5,8 4352737 555225 41,3022 7 ,3217 12,6039 16 , 2332 
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Tals 


BRIEF COMMUNICATIONS 


INCREASE IN THE TRANSMISSION RANGE 
OF PULSE SIGNALS OF GIVEN ENERGY 
IN THE PRESENCE OF NOISE WITH 
AN ARBITRARY SPECTRUM 


F.1I. Khaytun 


1. FORMULATION OF THE PROBLEM 


When the transmission of pulsed radio signals is accompanied by noise with a constant 
spectral density in the operating frequency range (for example, fluctuation noise in a vacuum- 
tube receiver), the limiting range attained under optimal signal-reception conditions is de- 
termined by the energy of the radiated pulse [1]. There is no transformation of a radiated 
pulse of given energy capable of increasing this limiting range, corresponding to realization 
of the required signal/noise ratio on the receiving end. However, noise acting on the receiver 
may also have a nonuniform spectral density (for example, noise in semiconductor amplifiers 
or certain external interference). 

We show in this article that in the presence of noise with a nonuniform spectrum, the 
range of transmission can be increased by rational shaping of the radiated pulses, keeping 
their energy constant (or by keeping constant the average transmitter power for a specified 
pulse repetition frequency). 

We also consider briefly the transmission of light (optical) pulse signals; this case is quite 
distinct, owing to the peculiarities of the transformation of light signals into electric signals. 


2. DERIVATION OF GENERAL EXPRESSION FOR THE THEORETICALLY 
ATTAINABLE IMPROVEMENT IN THE SIGNAL/NOISE RATIO AND 
INCREASE IN THE TRANSMISSION RANGE. 


Assume that it is necessary to transmit a radio signal in the form of a pulse, characterize 
by a certain function f, (t), which is the time dependence of the instantaneous value of the 
radiated power, Further, let the initial pulse of radiation be transformed so that its amplitude 
increases as ), and its duration decreases as 1/,, while the energy and waveform of the pulse 
remain constant. 


It is easy to show that in this case the transformed pulse is described by the function 


fo (t) = Afi (At). (4) 
The radiation pulses induce voltage (or current) pulses in the receiving antenna. The 
initial and transformed pulses are denoted by x, (t) and x2 (t), respectively. 
The signal voltage produced in the receiving antenna is proportional to the field intensity, 
i.e., to the square root of the power of the electromagnetic wave. Consequently, if the 


radiated pulse is subjected to transformation (1), the corresponding voltage (or current) signal 
pulses in the receiving antenna will be related by 


w2(t)= Vd x, (Al). 
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We now undertake to determine theoretically the attainable improvement in signal/ 
oise ratio under this transformation of the radiated pulse, in the case of noise having an 
rbitrary spectral-density distribution. We start from the premise that the transfer function 
frequency characteristic) of the receiver amplifier is chosen every time to be optimal for 
he given pulse signal, and that a maximum possible ratio (M) of peak signal to mean-squared 
Inoise is obtained at the output of the amplifier. 
The maximum signal/noise ratio can be represented in the form [2] 


i= y/ all [D2 (w)/G (@)| do , (3) 
! Q 

where Pw) is the spectrum of the signal amplitudes and G(w) is the energy spectrum of the noise. 
We are considering such combinations of the working-signal and noise spectrum, under 
which the integral in (3) converges. 

Let us now see how M changes if the input signal pulse is subjected to transformation (2). 
On the basis of (3), the quantity characterizing the relative change in the signal/noise 

|ratio can be represented in the form 


we {93 (V6 (@)] do 
Aa 


i [Df (@)/G (co) Jao 


where M, and M; are the maximum attainable signal/noise ratios for the pulses x, (t) and 
Xe (t) respectively; ©1(o)and ©.) are the amplitude spectra of pulses x, (t) and x2(t). 
We shall designate or efficiency of transformation by a quantity a. Since the spectrum 


of the function x,(At) is — Ds ( i) ), the spectrum of the transformed pulse, taking (2) into account, 
jis expressed by 


(0) = 7 0 (*). 5) 


From (4) and (5) we obtain after elementary transformations 


a=V6, 
where (8) 
co é 
\ [®? (@)/G (Aw) Jd 
0 
9 (7) 


\[o (@)/G (@) Jd 
0 
This is the general expression for the efficiency of conversion of pulsed signals. 

When a > 1 the signal/noise ratio is improved, so that the maximum transmission range 
can be increased. When the flux density of the electromagnetic power decreases as the square 
of the transmitted distance, the intensity of the magnetic and electric fields, and consequently 
the signal voltage in the receiver, decrease as the first power of the distance. 

The gain in the maximum distance is then given by 


SON a VES 8 
t=7 5c=V es. (8) 
where D, and D, are the maximum transmission distances of the initial and transformed 
signals, respectively. 


3, CALCULATION OF POSSIBLE INCREASE IN SIGNAL/NOISE RATIO 
IN THE TRANSMISSION OF RADIO PULSES IN THE 
PRESENCE OF SOME TYPICAL NOISE SPECTRA 


Let us consider the case of noise, whose energy spectrum has the form 


4 
G (o) = =, 
Oe +o” (9) 
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where a = const. 
Taking (7) into account, we get 


ga amo + A™m,, 
‘Synge o (1 
where eee 
foe] 
my = \ ©? (w) do; (44 
i) | 
ro \ OF (@) 0” dw (Ai 
J : 
Putting 


we obtain on the basis of (6) and (10) 


any/ TEE. (1 


a" +q 


When n = 0, corresponding to the case of "white'' noise (G(w)=const), we obtain a =1, [this 
follows directly from (6) and (8)], i.e., we reach the well-known conclusion that the maximum 
signal/noise ratio cannot be improved by similarity transformations of a radiated pulse of 
given energy. 

Ifn> 1, i.e., in the case of noise with decreasing spectral density, a value a > 1 is 
reached when A > 1. In other words, it is possible to increase the signal/noise ratio (and the 
transmission range) in this case by increasing the amplitude and accordingly shortening the 
duration of the radiation pulse. The efficiency of transformation of the pulse signal increases 
here with increasing exponent n. 

The quantity q in (14) depends on the waveform of the yeti pulse. When a= 0, i.e., i 
the case of a noise in the form G(w) = 1/o", we obtain a =~ "/2 independently of the form of the 
pulse signal. In particular, for noise with an energy spectrum G(w) = 1/w, which is cus- 
tomarily used to characterize noise of the semiconductor type [4], we have g = Yi. 

Let us determine now, by way of an example, 
the value of a@ as applied to noise given by (9) 
and a working signal of "bell-shaped" form 

y(t) — Cail: 
The signal spectrum has a form [3] 


@* 


0, (0) = VE eae, 


Calculating mp and my in accordance with (11) and (12), and taking (13) into account, we get 


226" _/n+4 
1 PE), 
where I is the gamma function. 

After substituting the resultant value of q in (14), we determine the quantity of interest 
to us, namely the transformation efficiency a. 

The table lists the results of calculations of the efficiency of transformation for two 
typical noise spectra. 


4, TRANSMISSION OF OPTICAL PULSED SIGNALS AT A DISTANCE 


Most light-energy receivers (for example, photocells with external photoeffect, photo- 
resistances) effect linear conversion, within the operating range, of the light flux (radiant 
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ewer) into signal current or voltage. Consequently, the signal voltage at the input of a 
hotoelectric amplifier is proportional to the first degree of the radiant power, and not to the 
quare root of the power, as in the case of radio signal reception. 

Accordingly, if a pulse of optical radiation is subjected to transformation (1), the con- 
erted and initial electric signal pulses at the output of the receiving amplifier will be related 
py the equation 
] C2 (Lt) = hay (AL). (15) 


‘A deduction analogous to that made above leads to the following expression for the efficiency 
f transformation of pulsed light signals, a; : 


a1 =VAB =aVi, (16). 


where a and 8 are given, as before, by (6) and (7). Thus, for example, for noise with constant 
spectral density we have 


corresponding to the result obtained in [5], and indicating that the limiting range of transmission 
of light pulses of given energy can be increased, in the presence of white noise, by increasing 
ithe intensity and simultaneously reducing the duration of the light pulses. 
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METHOD FOR IDEAL MEASUREMENT 
OF OSCILLATION PARAMETERS 


B.A. Dubinskiy 


An analysis of the errors of an ideal receiver (in the sense of Kotel'nikov, see [1]), 
carried out in reference [2], has suggested one method of measuring the parameters of oscil- 
lations distorted by additive Gaussian noise. For the sake of brevity we shall describe this 
method without preliminary derivations, and then prove that it is ideal in the sense indicated 
above. 

In the general case, a proposed processing of the distorted signal is ideal only if the 
oscillation is a linear function of the parameters, if it has the form 


L(Ast)= Las Maieeet has #) = Da (t) + ED, (145 (1) 
a—1 
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where L(A; t) is the true signal, a known function of the time and of the n parameters Aj , Az, 
tj hyi Do(t); Di(t);...; Dn(t) are known functions of the time, which are independent of the parameter 
Nie 
; The oscillation L(, ; t) has a finite duration from t, to tz , and is identically zero outside 
this interval. It is assumed that the parameters of the signal can assume with equal probability — 
all values within certain limits. 
The signal at the receiver output will be denoted by x(t): 


a(t) = L(A; t) + w(t), (2) 


where w(t) is the noise — the realization of a random Gaussian process with known energy 
spectrum 0” (w). 

The processing of the signal x(t) consists in the following. 

1. The difference signal Ax(t) is formed: 


Az (t) = x(t) — Dy (t). ‘ (3) 


This signal is then passed through a filter having a frequency characteristic Y(w) 


4 
nN ys (@) = 5(@) . (4) 
The phase characteristic is immaterial. 
We shall denote the signals at the output of the filter (4) by the same symbol as at the in- 
put, but with a bar above. 
2. The signal Ax(t) is then applied to the input of an n-channel device, in each channel 
of which A x(t) is multiplied by the suitable oscillation D, (t) (i=1, 2, ..., n) and the product 
integrated during the interval from t, to t, +7, where 7 is the duration of the response of 
the filter (4). At the output of the channels we obtain the quantities 
tot 
Vi= \ OD] G=1,2,...,m. 
i 
3. The concluding stage in the processing of the signal is the solution of the system of n 
linear equations 


n 
Ves >) Piphyg (= 1,2, 0005 n). (5) 
j=1 


The coefficients pjj are calculated beforehand by means of the formulas 


tert 
Py= \ DOD; @)dte (iy J = 452, . 1.50) 
i 

As a result of solution of the system of equations, we obtain estimates for the sought 
parameters )j;, (i=1, 2, ..., Nn). 

In the particular case when p;; = 0 andi # j [all the D, (t) are mutually orthogonal], the 
parameters are estimated by means of the formulas 

V. 
Mo= pe (i= 1,2,...,7). 

In other words, the output of the aforementioned channels can be calibrated directly in 
values of the corresponding parameters. 

The resultant estimates of the parameters ) jo differ from the true values of the param- 
etersAj (i=1, 2, ..., n) by the magnitude of the error 


Oran (beens 5 5 op n). 


Let us prove now that in the above-described processing (measurement) method the errors 
in the parameters 6). will be equal to the errors of an ideal receiver. 
For this purpose we represent the signal x(t) in the following form (see [1] and [2]) 
n 
x(t) = Do(t) + >) D,(t) 4, + v (2) 
Usail 


and perform on it the operations described in Items 1 and 2. Asa result we obtain 
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—>. iD ea Pigg Cake alga) (6) 


where ae ® 
= \ w(t) D; (t) dt. 
ti 
It follows from (6) that the true values of the parameters A; are found by solving the sys- 
tem of equations 


Wee Bare = Uh eee n). (7) 


On the basis of (5) and(7) we can readily verify that 


v, =>) Pj, 9A; (ieee a 7 (8) 
j=1 
The system of equations (8) determines uniquely the errors in the parameters §)j [for a 
| fixed noise w(t)]. 
Comparing (8) with the analogous system of equations for the error in the estimate of the 
_ parameters by an ideal receiver (see [2]), we see that these systems of equations are identical; 
consequently, the method proposed for the measurement of the oscillation parameters is ideal, 
i.e., it realizes the potential interference immunity. 
In conclusion we note that the possible practical application of the proposed processing is 
not restricted to the case when the oscillation depends on the parameters linearly, but can be 
extended to include the case when this dependence is nonlinear, provided that rough values 
of the parameters are known in advance (for example, as a result of a preliminary rough pro- 
cessing). In this case the signal processing proposed above should yield merely the corrections 
_ to the rough values of the parameters. With the problem so formulated, the role of the sought- 
_after parameters will be assumed by the corrections, and the oscillation can be represented 
in the form (1). Actually, let A(,; t) be an oscillation that depends nonlinearly on the param- 
eters A; ,A2,.---; An, and letaAj (i=1, 2, ..., n) be the rough values of the parameters; then, 
expanding this oscillation in a Taylor series in the parameters and dropping terms of second 
order and above, we obtain the following expressions: 


A (M3 t) = A(M; ae re (t) A’A, = B(AA; ¢), 


where dA(h: t) 14 (9) 
F; (t)= an, FY awe 
(ed, Oe a, AN eo hs 


The oscillation B(AA ; t) is a linear approximation of the oscillation A(\ ; t) and corresponds 
to the form (1); consequently, its parameters (the corrections A) i) can be estimated in an 
ideal manner by the method described above. 

The validity of the linear approximation (9) depends on the properties of the oscillation 
A(A; t) as a function of the parameters, and on the accuracy of the rough values of the param- 
eters, i.e., on the values of AA;. We note that in the case when the values of the parameters 
are too rough, it is necessary to refine these rough values after determining the corrections, 
to obtain a new linear approximation of the oscillations, and to repeat the refinement of the 
parameters by using the same processing method. This refinement can be repeated several 
times. The process of successive approximations obtained thereby is analogous to the well- 
known process of successive approximations used in the least-squares method. 

I am thankful to V.I. Bunimovich for many valuable hints concerning the exposition in the 


present paper. 
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CHARACTERISTIC RESISTANCE AND ATTENUATION 
OF A TEM WAVE PROPAGATING ALONG 
A MULTICONDUCTOR LINE MADE UP 
OF RECTANGULAR CONDUCTORS 


B.A. Sukhov 


We develop below a method for calculating the characteristic resistance and the damping c 
a TEM mode in a line made of rectangular conductors. Since we know the solution of the prob! 
of the TEM mode in a multiconductor line with strip conductors lying in a single plane [1], the 
present problem reduces to finding a conformal mapping that converts the exterior of this line 
into the exterior of a multiconductor periodic line, consisting of rectangular conductors. 
Such a conformal mapping, when the periods of both lines are equal to 27, is realized by the 
function < -+ ing /(« +7y), which converts the external region of Figure 1 into the external region 


' 
| 
| 
' 
! 
| 
! 
| 
! 
i) 


x 


Figure 1 Figure 2 


of Figure 2. For —x<z, §<a;0<y, 7 we can represent this function in the following form 


an (2 


etin=c VEEP 8 dt Soy () 


Vi — kh?) 1 — 2) 


i} 


eee oe de: 
where —-=sin->; 0<— <=. 


B fae oa 
Considering that /(2 are sin al =jbta, f(£A) =+aand /(+n) =+2,we can obtain one-param- 


eter families of curves a(x), b(x) and C(x) with parameter A from the following system of equa- 
tions 
(u—v) aymieoe VAL A A FR 
a=C xVi [u—wm 2 (Si V 2) +u—wen(S; WS ae | 


Se esd ug (eae tes: (&.4f™ 
AY [wer —1 #(F; 7) +eu—w (>; 7; —m)|. 


4 


WP lee Be (w=) Vl pm 4D 
b =2C Bn {eu 1 — x? =s |r 73 a) + 
Vml—1 
Vn vai—1 \" 
9,9 — ¥) V ml TUM el ml — 4 1 
ot ae n| > Pai Bo =e 
Vril—4 Vmi +1 
Lat (4 

where F(--; k) and 11 (+; k;n) are the complete elliptic integral of the first and third kind, 
respectively, 


i yet £V OLDS) 
w7k* + x? — ke 
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1 4 
% -({oHy’; 1=(# poe 


) 4 ’ 
l|—v) ay Viva 
4 =V(1— ky) I — v) (l— #9) 9; 
Bree Vi = Vm, 
In the limiting case, when a = 0 (see Figure 
2), the conformal mapping assumes a simple form 
eres 

_ f2cos (x + Jy) 1 —cosA ha (1’) 

= ore sin 1+ cos A = ee |- 5) 


and b is given by the formula 


3 —cos A 


De te tele coe, A, (2’) 


By virtue of the one-to-one correspondence between a and x , it is more convenient to 
etermine b and C for a given value of A in the form of functions of a with A as a parameter. 
he curves b = b(a) (Figure 3) define families of multiconductor lines of rectangular conductors 
he characteristic resistances of which are equal to the characteristic resistance of a multi- 
sonductor strip line with strip width 2A. 
The characteristic resistance of a strip line can be represented in the form 

K, (8) =K,,() 2, (*), (ay 

where s is the phase shift over the period in the cross-section plane, divided by 27; 


Ri(s) is a function that depends on the parameter A and on s. Parts of these functions are 
shown in Figure 4 for different values of A. 


IN 
es 


eee 


\ 
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| 


Figure 4 


Thus, using the plots of Figures 3 and 4, we can determine by means of formula (3) the 
*haracteristic resistance of a multiconductor line made up of rectangular conductors. Ob- 
riously, the characteristic resistance of a system having a period other than 27 can be readily 
letermined, since it is invariant under the similarity transformation. 

The damping factor of such systems is inversely proportional to the similarity coefficient, 
ind, consequently, it is enough to calculate the damping for systems with period 27. 
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P | 
24 = 7 5 (4) 


The damping coefficient a is determined from the formula 


where P is the loss per unit conductor length; W is the energy flux through the strip bounded 
by the lines § , x = -m and é, x = 7 (Figures 1 and 2), Substituting P and W in explicit form 
into (4), we obtain 


& 2 sin (sx) L ; 
mv m’P_(cosA) P_,(—cosA) (5) 


20 = R / 


where R is the specific surface resistance of the conductor; P,,(v) is the Legendre function 

on the section - 1 < vy < 1; Lis determined by the shape of the conductors of the slow-wave 

system, obtained with the aid of conformal mapping from a strip line with conductors of width — 

2A; the period of both systems is 27, ‘ | 
It is more convenient to seek the ratio a/ao , where ao is the attenuation coefficient of 

a TEM wave in an anisotropically conducting plane having a surface resistance R along the 

direction of propagation and an infinite surface resistance perpendicular to the direction 


of propagation 
2a = R & ; 
RY. es 
Let us denote a/ao by R,(s). Then 


2L sin (sx) 


R,(s) = w2sP_. (cos A) P_, (—cos A) * (6) 


In the case of conductors with rectangular cross section we have 
Bons m 
2k? (uy — Vv) is (= : pe 


Ve 
vf . 41 
gier 7] 
ng : 
As can be seen from (7), L depends both on 


A and ona. In this connection, it is convenient 
to break up Rg yect(s) into two factors 


, 2L’ sin (sm) 
R,(s)= Oe (cos A) Pee (—cos A) 
and Lrect 
Be ? 
where L' depends only on A. We choose for 
L' the value of L for round conductors [1], 
IL oul ) r(Z, a8 Figure 5 


cr CTA oe 
\ VW sin a 


where 


1 


A 2 
{ [ar (0 oe 3 


M= 2 ee ky = 
1+ arech (sec =) 


M 


Obviously, with such a choice of L', the value of R'(s) is equal to that of R (S) 5 ecg elt 
is the ratio of the attenuation coefficient of a system of round wires of radius t = (ai - MA to 
Qo. Plots of R ar(S) are given in reference [1]; they have been replotted in more convenient 
form in Figure 5, Figure 6 shows the dependence of the ratio of L /L,, on a and A, 

Thus, by using Figures 5 and 6, we can calculate Ry rect(S) from the following formula 


R, (s)=R (=) ome 
np kp El (8 
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Figure 6 


Knowing Ry rect(S)» we can readily determine the coefficient of attenuation of a slow-wave 
system made up of rectangular conductors. 
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REMARKS ON THE CALCULATION 
OF CASCADE CONNECTIONS 
OF n- SIMILAR TWO-PORTS 


L.R. Yavich 


We have remarked earlier [1] that a nonreciprocal two-port, described by a matrix 
[X], can be represented in the form of a cascade connection of a reciprocal two-port with 
matrix [Xo] and an ideal power converter with transformation coefficient k: 


4 
([X¥] =[%.] #. 
where 
x 4 
x ] a 110 al pe aise 
| 8 at X 506 Vi | 
| X | = det [X]. 
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By the matrix [X] is meant one of the following matrices 


a], 
[x] = j[4], 
(T], 


where [a] is the classical transmission matrix, [A] is the normalized matrix [a], and [T] is the 
transmission wave matrix. 
To calculate the resultant transmission matrix [X]® of n similar two-ports connected in 
cascade, we used the formula 
nt 
ol =e 
Thus, the problem reduces to raising the matrix of the reciprocal part of the two-port, 
[Xo ], to the n-th power. 
Let us transform the expressions for [Xo]™ (see 1/, 2/), to the form 


[x]? = [x 


sh nU Sasha! 
sau by RE arts X20 sh (1) 
[*] sh nU ; sh nU 
“210 sh U chat Psi 
where 
1 
U --archa = arch Es (4q10 + Sass) ; (2) 


Lee 
B= 7% (Ai10 — X 990): 


It should be noted that (1) coincides with the expression obtained by Fel'dshteyn [3]. 
Substituting (2) into (1) and recognizing that the Chebyshev polynomials of the first 
kind are given by 


T ,, (4) = ch (narcha), 
and the Chebyshev polynomials of the second kind are given by [4] 
sh [(n + 1) arch a] 1 


U,, (0) Var—i n+ 14 Trt (a), 
where n=0, 1, 2, ..., we obtain, after simple transformations, 
oe ee : («) + BU,_, (a) X90) ny bi (3) 
ee Eas! 5 6 7, (2) — BU yy (2) 


The form (3) has the advantage over previously used forms that it contains polynomials tha 
can be expanded in finite series in powers of a. This makes it possible to avoid cumbersome 
trigonometric transformations. The simplifications are particularly noticeable in the case 
of two-ports of general form, described by the complex elements of the matrix [Xo] (a@ and 
8 are complex numbers). 

It is interesting to compare (3) with the matrix equation [5] that is derived from the result: 
obtained in [6]. In our notation 


)—R,_, (24) a, Rae (2) 
Vay Cee = 2 5 
where a) no R,, (24) —R,_, (2) (4) 


Expression (4) contains a new function R,,(2@), which has a singularity. 
At the same time, the properties of the Chebyshev polynomials of the first and second kinds 
have been thoroughly investigated, By virtue of the foregoing circumstances, relation (3) 
is more convenient for use, 

Let us make several remarks regarding a broad class of two-ports made up of purely 
reactive elements. The matrix [Ao] ([ao]) has in this case the following structure 


Mali | 
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where A, B, C, and D are real. Consequently, according to (2), the coefficients a and B are 
real numbers and their values are 


4 4 
a= (A + D); = (A— D), 
At the same time, the matrix [To] obeys the relations [7] 


Pig t bit=— Loco 


. (5) 
Ths se ae 
therefore (see (2)) mee 
Z a=§ B=je; 
in addition 
det [7] =4; 
consequently, the working attenuation function is 
L=|Tyo P14 1 Tyo! (6) 


Let us write the expression for the modulus of the coefficient of reflection of the cascade 
connection of n identical lossless two-ports. Taking (3) and (6) into account, we obtain 


where 
LO = 4 +} T1557 nt (a) |”. 


Certain simplifications (3) take place for symmetrical two-ports. In this case 


2110 = % 99 = Ayo = Agno 


and therefore [see (2)]. 


a= 910 8 ===i(): 


Thus, 


T,, (4 


[2,]" = [ u1o) 91904 ny (4110) | 


9910U n_y (2110) Ty (4440) 


We recall that 
os 4 47 @ 14 4 
[70] “(i cy [4,]" I: cp 
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ON THE FORM OF THE FIELD 
IN A BACKWARD WAVE TUBE IN THE PRESENCE 


OF DISTRIBUTED ATTENUATION 
M.B. Tseytlin and Ye. M. U'ina 


The analysis of the operation of a backward wave generator, carried out in [1], can be 
generalized to include losses in the line. 

The power-balance equation in the presence of distributed attenuation in the tube can be 
written, in analogy with equation (18) of reference [2], as 


E 2 B.Ca¢ 
ys 3. Ry (2) dx \ By (1) sin k (@ — 1) sin B,(@—t ai — 5 (£2 (a) ae, (1) 
qj é i 


where E (z) is the amplitude of the intensity of the high frequency field; k =8,bC; m = 8,8°c35 

\ 0) ies 
C3 i ; 9= ae = a Wq is the frequency of plasma oscillations in the beam; vg is the 
velocity of the electron; b vate nonsynchronism parameter; dis the attenuation parameter, 
d = L/54.5 CN; L is the attenuation of the line in decibels, and z =1 corresponds to the collector 
end of the line. 

Equation (1) reduces to the fifth-order differential equation 


Ey Be dE rR ay. a?By 
Te BCE Gee + 2 (+ BG) Geax — 2 + BG) BCA gee + 
dE 
+ [(k? — B2) + 2km] G* — (k® — B2) BLCaEs = 0. (2) 
With initial conditions 
dB, aE, k 
2=0, Ei(2)=£,(0), G =B8.CdE1 (0), Gar = (8,Cd)* F1,(0), (3) 
BE d‘E 
Te = (B,C2)°E1 0), 9 Ga = — 2kmE; (0). 


The solution of equation (2) can be represented in the form 


5 
As 
BE; (2)= >) Ce gi (4) 
i=1 
where }, are the roots of the characteristic equation corresponding to equation (2). 


Assuming that the perturbations introduced by the small losses are themselves small, 
we set, aS an approximation, 
Ms = hoi (L —4,), (5) 


where Xo; are the roots of the corresponding characteristic equation for d= 0. We retained 
terms quadratic in 6; in the calculation of \j. 


The integration constants C; are determined by substituting in (4) the initial conditions 


2km + AozhoshosBgCd— (Aoshoa + Aozdos + AovAos (8,Cd)? 
hor (Aoz — hor) (Aos — do1) (Aoa — Ao1) (6) 


Cz, C3, and C4 are determined from (6) by cyclic permutation of the indices: 


4 
C,=1— >) G,. (7) 
1 
Figure 1 shows the distribution of the relative amplitude of the intensity of the high- 
frequency field along the tube for different values of the attenuation parameter d and for 
negligibly small space charge (QC = 0). Figure 2 shows an analogous dependence for a 
space charge different from zero (QC = 0.25). It is seen from these plots that in the case 
of losses the relative amplitude of the field in the backward wave tube has a maximum 


i 
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i increases with increasing losses. The presence of the maximum can be explained as 
sllows. The amplitude of the field in the backward wave tube has a near-cosinusoidal variation 
the absence of losses, i.e., it remains practically constant at the input to the tube. The 
‘tenuation of the "cold" wave in the line is exponential, the amplitude decreasing in the direc- 

on of the energy flux. Consequently, the loss-power flux will increase continuously in this 
irection, and the increase in the field amplitude brought about by the interaction with the electron 


eam will be compensated at some point by a decrease in the amplitude due to the losses, after 


hich the field amplitude begins to decrease. 
6 (2) 


G2 ath 03 Q3 Q40N 


Figure 2 


The starting values of CN are determined from the condition that the field vanish on the 
ollector end of the tube. 

Figure 3 shows the dependence of the starting 
values of CN on the distributed losses L for 
different values of the space charge parameter 
QC. The points denote the results of calcula- 
tions on the basis of the data of reference 
[3]. As can be seen from the plot, the 
results are in full agreement with the 
rigorous theory. 
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ONE METHOD OF MEASURING THE FLUCTUATION 


OF THE PHASE OF RADIO WAVES IN A STUDY OF 
TROPOSPHERIC SCATTER PROPAGATION 


A.A. Shur, and G.S. Maksimov 


Results of measurements of phase fluctuations of radio waves propagating in the 
troposphere are of considerable interest both in theory and in practice. The known methods 
of such measurements are exceedingly complicated and cumbersome ([1,2] and others). We 
have employed a simple measurement method, based on the Nyquist principle [3]. In this 
method the loop between the input and output of the investigated two-port is unnecessary 
(by two-port is meant in this case the medium in which the radio wave propagates). 

A block diagram of the measuring apparatus is shown in the figure. The transmitting 
apparatus consists of a transmitter 1, modulator 2, and receiver-filter 3. The receiving 
apparatus includes the receiver 4, the phase-meter 5 with visual-indication oscilloscope 
6, and receiver-filter 7. 

The measurement principle consists in the following. On the transmitting end of the 
investigated path, the receiver-filter 3 receives a signal from a certain radio broadcast 
station 8. Amplifying only the carrier voltage of this signal, the receiver-filter suppresses 
all the remaining spectrum components. In view of the fact that the receiver-filter 3 is 
connected to the input of a frequency modulator 2, the transmitter 1 is modulated by the 
carrier of the broadcast station. On the receiving end of the path, the radio broadcast 
station carrier voltage, separated after passing through the receiver 4, is compared in 
phase with the carrier frequency of the same station produced at the output of the re- 
ceiver-filter 7. The time variation of the phase between these oscillations will obviously 
depend only on the conditions of radio wave propagation along the investigated portion. 

The phase of the broadcast-station signal can differ on the receiving end from the phase 

of the same signal on the transmitting end, but the phase difference is, first, equal to a 
constant quantity and, second, remains un- 
changed in time. In addition to the fact 
that the transmitter is modulated by the 
carrier frequency of the broadcast station, 
its own carrier frequency swings within 
definite limits. Consequently, one can 
observe on the oscillograph screen the 
overall phase characteristic of the medium 
and of the apparatus. The influence of the 
apparatus is accounted for by first plotting 
the phase characteristics of the transmitting Block diagram of measuring apparatus. 

and receiving apparatus. 

According to the Nyquist principle, the spectrum of the transmitter signal is taken here 
to be much smaller than the bandwidth of the whole apparatus. In this case the phase shift 

acquired by the signal passing through the investigated two-port is 


= 627 (ow), 


where © is the circular frequency of the modulating oscillation; T(w) is the group time delay 
of the two-port at the given carrier frequency; w is the carrier frequency. 


As can be seen from this formula, the phase shift is simply related to the group time dela 


Thus, by measuring the fluctuations in the phase of the frequency-modulated signal we can 
simultaneously determine the fluctuations in the group time delay of the same signal. Thus, 
we have chosen a broadcast station operating at frequency 2 = 263 ke; the maximum angle 
measured by the phase meter was 7 max = 180°. From the formula given above it is easy 

to see that the maximum measured delay time is T(w)max = 1.92 microseconds. Experience 
has shown that in the case of UHF tropospheric scatter propagation this quantity exceeds the 
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dicated figure, and consequently, measurement of angles greater than 180° is unnecessary. 

e minimum measured delay time T(w) jn is limited by the resolving power of the phase 
eter. For ? min = 1° we have T(w)min = 0.0106 microsecond, 

It can be shown that the delay time between two waves scattered or reflected from inhomo- 
/pneities located at heights that differ by an amount Ah, is 


here R is the length of the path; Reg is the equivalent radius of the earth, and c is the velocity 
Jight in free space (c = 3 x 10° km/sec). 

It is easy to see from this formula that the delay time makes it possible to estimate the 
idimension of inhomogeneities." Thus, by assuming T(w) = T(”)min> R = 300 km, and Reg = 
500 km, we find that the minimum value of Ahis approximately 90 meters. 

This measurement method has been realized in an experimental path for which tropo- 
pheric propagation was used. The signals were transmitted and received by the standard 
elay-line equipment to which only the receiver-filters and phase meter were added. The 
interval of the experimental path amounted to 300 km, The measurements were carried out 

t 1,000 Mc. The transmitter carrier was varied within a band of 5 Mc at a frequency of 50 
pps. The receiver-filter was a three-stage direct-amplification receiver using 6ZhlP tubes with 
quartz filter, the bandwidth of which was 80 cps. The fluctuations were registered by photo- 
raphic and motion-picture cameras. 
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SINGLE-LOOP PARAMETRIC AMPLIFIER 


Ye.M. Gershenzon, N.G. Ptitsyna, G.I. Rozhkova and V.S. Etkin 


Much attention is paid at present in radio engineering to the use of low-noise parametric 
amplifiers with semiconductor diodes [1 - 4]. 

We give below certain results of an investigation of a single-loop parametric amplifier 
using a semiconductor diode. These results are based on investigations made in the 'thirties 
by the students of L.I. Mandel'shtam and N.D. Papaleksi [5, 8,11]. ' 

Usually a single-loop parametric microwave amplifier is connected to the circuit through 
a ferrite circulator [1,4]. Inasmuch as the amplifier carries in this case one incident and 
one reflected wave, the equivalent circuit of the single-loop parametric amplifier can be drawn 
as in Figure 1 [10]. Here, E is the emf of the equivalent signal source whose internal 
resistance is equal to the wave impedance Z of the supply feeder: 
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Co 
C ~ 4+ m sin (@p)t+ Pp)" 


E = Ey sin (@t + Po); 


In connection with the fact that the am- 
plified signal is in the form of a reflected 
wave, the amplification coefficient is equal to 
the power reflection coefficient 

a pet | | ar 
a Pinc Vine 


2 


(1) 


LeL'sl, 


where Pref, inc stands for the power of the re- 


flected and incident waves; Ujnc is the am- Figure 1. Equivalent circuit of single- 
plitude of the incident voltage wave; I is the loop parametric amplifier - regenerated 
current in the loop [10]. In the case of high “LCR tank circuit. 


gain (K > 1) we have 


4zye 4Z°202Q? 


= (2) 
Be BR 


K= 


where Q is the amplitude of the charge on the capacitor; w is the frequency of the signal. 
The equation describing the oscillations in the amplifier tank circuit is of the form 


d*q 
Le aad ta [1 + msin (opt — Op)] 9 = Ho sin (Wet — GQ), (3) 


where L is the equivalent inductance of the tank circuit; R= Z+ Rg, Regis the diode loss 
resistance, responsible for the main losses in the amplifier tank circuit. As is well known 
[11], in similar circuits with periodically varying parameters one observes near the in- 
stability regions (Wp ~2 wo, Wp ~ Wo +e .) the parametric regeneration, which has been 
investigated for the particular cases Wp = 2wWgjg and w, = 2wWo in references [5] and [7]. 

Using the procedure of reference [7], we investigate equation (3) for the general case 
when Wp ™ 29 = 2 sigs For this purpose, using the notation of reference [7], 


vied HO i eee. : 

hel on 1A lt / Pe a ®o = TG,' Op = 201; 

g Wo ®, o, 
fechas mites Gg Sith. See ¥=%—5, Mp 


where Up is a normalizing factor, we reduce equation (3) to the following simplified form:* 


y +y=A)cos[(l + &)t— V] — 20y — 2Eoy — my sin 2r. (4) 
If we seek a solution in the form 


y=asint+beost, (5) 


where a and b are functions that vary slowly compared with sint and cost, we can obtain for 
a and b the expressions** 


*Since the maximum possible depth of modulation of the capacitance of the diode is 


m70.4 - 0.6 [14], we have ®max S < 0.1 and £, &< 0.1, while the value of } can be made 
small by suitable choice of Up in [7]. Consequently, the terms ~ 0”, &, &°, 4® can be neglected 
to a first approximation. 


**We have described the details of the solution in reference [15]. 
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= ——_ 


nv { Peat ors nite. sal : 
b= sper [C(O + F) + 280 Eo + B)]sin(es— ¥) + a 
Phadan(iee are 


where C = &— §?+ 0° (Fy 


For the mean square of the amplitude we obtain 


Pat) m \* < @\9 
CS \z) +- (0 + 6)° 


HuF4heawr 
may 4 (4E20" + 0%) 


The phenomena occurring in the amplifier are quite different when t <0 from those 
occurring when §+0. If §=0,i.e., the equality w, = 2wgio is rigorously satisfied, we have 
Zz the amplifier working in synchronism and the 
oscillations in the tank circuit have a single 
frequency while their amplitude depends on the 
phase difference between the pumping frequency 
and the signal frequency vy: 


2 
0 
Wee Fe ee 

oe | cos* ¥—€o [sin 2¥ i 


In the case of a high degree of regeneration 
(m= 40) as a function of the value of y, the value 


of A changes from Amax = V2A to Amin =A/49, 


Figure 2. Resonant curve of single-loop but a considerable amplification takes place on the 
parametric amplifier in synchronous aberage (in phase). 
line) and biharmonic (dotted) modes, In the case when §+0 (wp # 2wWgig), the 
oscillations in the tank circuit occur at two fre- 
quencies, 1+£& (Wgig) and 1—& (wq = Wp - Wgig), i.e., a biharmonic mode sets in, given by 
equation (8). The eeunte of the amplitudes of the harmonics can be represented in the form 


m\? 
Heim, aahe or + (Sot §)) PA = }3 hal ieee re (9) 
pe ™ A(geeeuss Czy 2 ~ brs 4 (4E20? + C2) 

The resonant curves characterizing the amplifier in the synchronous and biharmonic modes 
(for three values of £) are shown in Figure 2; here m =0.99 x40. In the biharmonic mode 
£=0.4 1073, wt=wo (1 +0), and w' =wo (1 -Eo). 

We see that the maximum amplification in the biharmonic mode is obtained near wWejg = Wp/ Die 
the resonant curve of the synchronous mode is the envelope of the curves of the biharmonic 
mode. It follows, therefore, that in the biharmonic mode it is possible to tune the amplifier 
by changing the pumping frequency, the tuning range being determined by the bandwidth of the 
resonant curve of the synchronous mode. 

The following simple expressions can be obtained for the maximum values of the gain 


and bandwidth of the amplifier for the case of large regeneration [by using relations (3), (7), 


and (9)]. 
In the synchronous mode, the gain is 
2 ee , 2Q? WoL | WoL | m 

K =Kyy(1—cos 2¥),  Kyy= 7 CS re ee =i ae 
where m_,., = 2/Q is the depth of modulation .t which the amplifier becomes self-oscillating. 
The bandwidth of the amplifier (the tuning band in the biharmonic mode) is 

SSS a! 
De Hime t=2t V2 —1)Vae. (11) 
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In the biharmonic mode, the gain for each harmonic (wg or wg) is 


Ih == i a , 
eh art 
The bandwidth is 
ONE: aie ae (12) 
and the product 
VK; 2AEamp = gee (18) 


is thus independent of the degree of regeneration ifn is small. 
The main advantage of parametric amplifiers with semiconductor diodes is their low 
noise figure. Actually, only the resistance noise Rg is of importance for semiconductor diodes 
operating in the microwave band [16]. We can therefore assume the amplifier tank circuit 
to contain a noise voltage 
= 4kTZAf + 4kT R,Af. 


E> = 8 


: 
ne neext 


eh, int 
The fluctuation noise can be regarded as an oscillation of frequency w)/2 with random-modulated 
amplitude and phase [17]. The noise amplification coefficient is in this case equal to Kgy, and, 
therefore, the noise factor of the amplifier in the receiver circuit will depend on whether the 
next stage of the receiver receives both harmonics, wgjo and wg, or only one. 
In the case when a signal is received from the amplifier output at frequencies Wgig and 
wq, while the input receives noise with a continuous spectrum (i.e., both wgig and wq), the 
noise factor has the form 
R.T.* 
F=il-+ “ZPee 
‘which coincides with the expression obtained in reference [3]. 
If only the signal sig of wg is received, the noise factor can be written as 
ORT. 
Ce ey Sea © 
where T, is the diode temperature and Ty is the standard temperature. 
If no noise at the frequency wg is received at the input of the amplifier ,** then 
Bid lie 
ES: Tees 
When the useful signal at the input of the amplifier contains both w.;, and wg (for example, 
random radio emission in radio astronomy or a noise signal from a noise generator used to 
measure the noise factor by the standard procedure), then the amplifier noise factor will be 


or when Tg, = To 


independently of the frequency to which the output of the amplifier is tuned. 
In practice the main possible characteristics of the amplifier are best expressed in terms 


*In the present communication we mean by "noise factor of a parametric amplifier" the 
ratio of the total noise power at the output of the amplifier to that part of the power which is due 
to the antenna noise at the input of the amplifier in the useful bandwidth of the amplifier. 

**For example, if a filter is used to cut off the signal wg at the input to a circulator with 
a "cold load," say in the form of an antenna directed toward the zenith. 
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- the diode parameters, particularly through the characteristic parameter f,., = D) i.e. 
e c : a cr é : 
1 terms of the frequency at which modulation of the diode capacitance can compensate only 
e losses introduced by the diode itself. 
The simplest resonator for an amplifier with diode is shown in Figure 3a, while the equivalent 


figure 3. Simplest resonator for parametric amplifier, equivalent circuits of the diodes and 
of the amplifier with diode. 


circuit of the diode [9,13] is shown in Figure 3b, and the equivalent circuit of the diode am- 

olifier is shown in Figure 3c. In Figures 3b and 3c, Lieaq is the inductance of the diode lead- 

, Rg is the loss resistance in the diode, C is a nonlinear capacitance, Cg is the cartridge 

eapacitance, and Lao is the equivalent inductance of the cut off waveguides, while X, and 

2 are trimming reactances. 

: If the cartridge capacitance is small compared with the diode capacitance, or if its effect 

is eliminated in parallel resonance with the aid of a rear plunger (X2), and the capacitance be- 

tween the diode and the bottom of the pumping waveguide (X, ) tunes C and Ly ead in series 

resonance at the frequency Wsigs then the equivalent circuit of the amplifier can actually 

be represented in the form shown in Figure 1. Using f,,. and the condition for large gain 
<7 = R=Z+R,, we can obtain expressions for the maximum possible product VK; 2A€aym, 

iam minimum noise factor attainable at a frequency f with the aid of diodes having specified 

for and Mmax: 


Me f 
aN “Biimaxiiiee ds } 
VEiAE amp = 2 (4 way ® 
. f, 
Hie BE TI 


ii 


An experimental investigation of single-loop amplifiers was carried out in installations 
analogous to those described by us in [15] at frequencies 3,000 and 4500 Mc. A spectrum 
analyzer was used as an additional indicator. 

The investigations have shown that the two harmonics w,;, and wq were actually observed 
at the output of the parametric amplifier, so that the poasibility of tuning the amplifier has been 
confirmed, The table lists the values of the Q of one of the amplifier breadboards, and the 
corresponding data on the measurement of the amplifier parameters at 4500 Mc, using the 
diodes described in [12]. Analogous data were obtained also at 3,000 Mc. 


il 
Measurements have actually shown that at large K we get VKi “ = Ons as follows from 
ex 


the calculations. 
Tentative measurements of the noise factor, carried out with a noise generator at 3,000 
Mcs, yielded Fyin ~ 1.5 to 3 (1 to 4 db), which is more than the calculated value for the given 
amplifier, Fmin = Qext/Q = 1.3 - 1.4 owing to the instability of the amplifier and to other 
factors. By modulating the pumping frequency, it is possible to attain a unique "'super- 
regenerative mode," in which the stable gain and the bandwidth of the amplifier increase. 
Modulation of the pumping frequency (by changing the voltage on the pumping klystron repeller) 
at an "audio" frequency (20 ke) resulted in a broadening of the bandwidth by three times with 
an increase of 5 - 10 db in the gain. 


T39 


a 


aay, 
fop Me Q Qext | K, db ave 4s aie | VE, “est 
| | | 
25—30 | 30—35 | 27(500times)}| 7 155/4500 & 35 | 
4500 : 
25-30 | 30-35 | 20(100times)} 15 40* 150/4500 = 35 


*Calculated value (see [11]) of Af,,,, for Q = 30: 


Aftun =! Lue (V2 —1)= 4500 ae 042 40Mc . 
In conclusion, I am grateful to K.A. Merkur'yev, N.E. Skvortsova, A.V. Kresilov, V. M. 
Val'd-Perlov, and A.A. Rabinovich-Vizel' for aid and counsel in the performance of the work. 
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EXPERIMENTAL INVESTIGATION 


OF FORCED OSCILLATION 
IN A PARAMETRICALLY REGENERATED TANK CIRCUIT 


A.N. Vakhrameyev 


1. The processes that take place in an oscillating system with periodically varying param- 
| eters (capacitance or inductance), under the influence of an external sinusoidal signal and in 
_ the absence of an integral ratio between the frequency of the signal and the frequency of 
variation of the parameter, have not been sufficiently investigated. Some information on such 
processes are found in the papers by G.S. Gorelik [1], S.M. Rytov, and M.A. Davil'kovskiy 
| [2]. V.V. Migulin [3] calculated the forced oscillations in a system with periodically varying 
| capacitance (or inductance). He calculated the components of the oscillations in a parametrically 
under-excited tank circuit, tuned exactly to half the parameter-variation frequency, in the 
linear approximation, for an external-signal frequency close to the natural frequency of the 
tank circuit. For a parametrically excited oscillating system, which calls for a nonlinear 
analysis, the mathematical difficulties are such that a rigorous explanation of the presence of 
three components in the spectrum of the forced oscillations could be justified for only a rather 
small signal, and it was possible to show qualitatively the existence of a process wherein the 
external signal suppresses the component having the parametric-excitation frequency. To 
clarify the real character of these processes, it is very important to verify experimentally 
the applicability of the calculations in the under-excited system and to investigate the forced 
oscillations in a parametrically excited system which does not lend itself to a consistent 
theoretical analysis. 
Ape ae 2h; 2. We have studied in the present investi- 
Fasgea.m-o' Ayxg=0,mz0 gation the forced oscillations in a tank circuit 
/ with periodically varying inductance. The in- 
ductance was modulated by changing the perme- 
ability of a small portion of a toroidal ferrite 
core by means of a transverse magnetic field. 
The modulating field was applied perpendicular to 
the magnetic field, which in turn was produced 
in the core by an inductance winding. This 
method of modulation ensures in practice almost 
no induced component having the same frequency 
as the parameter in the oscillations investigated 
in the resonant circuit [5]. The external periodic 
signal was injected into the tank circuit by a 
Figure 1. Dependence of the amplitudes of current generator whose internal resistance was 
the components of forced oscillations on the much greater than the resonant resistance of the 
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Ar, E=0,m-0 


A, 
A,g=0,m-0 


m=0. 
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detuning. Damping d= 69 x107* . tank circuit. The parameter-variation frequency 
O-— Ago =0,06V; xX — Az9 = 0,12 V, m/m oy =0,82 was set by a crystal-stabilized generator, and 
m=a0 m=0 amounted to 2w) =75 ke, where wo is the 


average natural frequency of the tank circuit. 
The damping decrement of the tank circuit was 
determined from the rate of attenuation of shock-excited free oscillations produced in the 
tank circuit in the range of investigated amplitudes. The parameter-modulation coefficient 
m was determined from the damping decrement, for which the determined depth of modulation 
became critical, i.e., for which the condition m = d/2 was satisfied. * 


* The condition for excitation of parametric oscillations in response to a jump-like 
change in the parameter [4]. 
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This method determined the effective modulation coefficient more accurately than the method 
used in [5]. 

For m < mey, the tank circuit was operated in the linear part of its characteristic, so 
that the experimental results could be quantitatively compared with the calculations. The 
variation of the parameter used by the author was not sinusoidal, and was closer to a square 
wave with equal half cycles. Consequently, to make sure that the sinusoidal and square-wave 
modulations are equivalent from the energy point of view, we used in the theoretical formulas 
obtained for sinusoidal variation of the parameter a modulation coefficient 4m,/ T, where Mg = 
(Lmax - Lmin)/(Lmax + Lmin) is the modulation coefficient for the employed square-wave 
modulation. 

Figure 1 shows the dependence of the amplitude of the components of the forced oscillation, 
namely A, with frequency p and Az with frequency 2wo - p, on the detuning ¢ ; these relations 
were obtained experimentally and also calculated by means of the formulas cited in reference . 
[3], A? 1692 (E2 #) 


— — ’ 


Ay 


< Tie Na 
SS Saf ll 4e2 4 492 + =) — 402 me? 
LAS 4 
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ce mer2 
“4.5 =0, m= 0 <2 G2 ee 
(482 -+ 49 ane \ ase 


where @ is the attenuation of the tank circuit and m is the relative depth of modulation. As 
can be seen from Figure 1, when the parameter is modulated, the amplitude of the forced 
oscillations increases, and the experimental values of the component A,; and A> agree quite wel 
with the calculated values. 

The slight deviation at low amplitudes and large values of detuning may be due to signals 
induced from the modulation system. The tank-circuit modulation spectrum contained 
not only the components with frequencies p and 2w 9 -p, but also combination frequencies 
3Wo -p, 2p, etc., but at appreciably lower amplitudes. Owing to the relative smallness of 
the amplitudes with sideband combination frequencies, their influence on the principal 
components was practically unnoticeable. 

3. As was already indicated, it is shown in reference [3] that the spectrum of the forced 
oscillations of a parametrically excited tank circuit (m > mey) contain components having 
the same frequency as the parametric excitation; the possibility of suppressing this component 
by means of the signal has also been suggested. To clarify the real character of these processs 
we used the apparatus described above to investigate the spectral composition of the forced 
oscillations for the parametrically excited tank circuit, at different amplitudes of the signal. 

Figure 2 shows the dependence of the 
amplitudes of the oscillation components in 
the tank circuit for a given mode, on the sig- 
nal emf at three fixed values of the detuning. 
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Figure 2. Dependence of amplitudes of Figure 3, Dependence of amplitudes of compo- 
components of forced oscillations on the nents of forced oscillations on the detuning. 
external signal. Damping 3 =56x 107+: Damping 0 = 53 x 1077, m/Mer = 1.150. 


Continuous lines - € = 0.0040; dashed 
lines - € = 0.0022; dash-dot lines - 
5 o= 0.0013, m/Mmer = 1.150. 
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From an examination of these relations we see that as the external signal increases, the 
components A, and A2, with respective frequencies p and 2w9 - p, also increase, while the 
component Ap with frequency wp diminishes to zero. The "quenching" of the component 

Ao occurs after the components A; and A, reach a value which is quite fixed for a given 
value of m/ Moy. Ata greater value of m/ Moy the quenching amplitude increases accordingly. 
Thus, the extinction of the component Ay , a component to the parametric excitation of the 
tank circuit, is produced by the external emf not directly, but via the components A, and A; , 
_the magnitudes of which depend not only on the signal emf amplitude, but also on the detuning 
of its frequency relative to the natural frequency of the tank circuit. The reduction in the com- 
ponent Ay and its quenching are apparently all closely related to the reduction in the effective 
_induction-modulation coefficient rather than to the drift of the average natural frequency of the 
_ tank circuit due to the currents of the components A; and A; , since additional tuning of the 

_ tank circuit did not bring about any excitation of the already quenched oscillations. The re- 

_ duction in the effective modulation coefficient is apparently due to the nonlinear conditions in 

_ that part of the core which is under the influence of the transverse modulating field and the 
longitudinal magnetic field produced by the currents of the components A, and A,. Therefore, 
an increase in A, and A; reduces the depth of inductance modulation due to the change of the 
permeability of this portion by the transverse field. Quenching of the component is observed 
also when the detuning of the signal emf (the amplitude of which is constant) is varied relative 
to the central frequency of the tank circuit. The experimentally-obtained variations of the 
components A,;, Az, and Ag are shown in Figure 3, as functions of the detuning of the external 
signal, whose amplitude is kept constant. For small detunings the amplitudes A; and Az are 
sufficiently large while there is no component Ap. With increasing detuning, the amplitudes 
A, and A; increase, and when they reach the values that are characteristic of the given m/moy, 
the component Ay appears. Further increase in the detuning causes an increase in Ag, which 
reaches its maximum value, determined by the parameters of the tank circuit and by the 

depth of modulation. 

In the spectrum of the forced oscillations of a parametrically excited system, which we 
have investigated, there is found, as in any underexcited system, not only the fundamental 
components considered above, but also components having other combination frequencies. 
Since these components are quite small in amplitude (owing to the relatively small non- 
linearity of the characteristic of the tank circuit), we have disregarded them. 

Conclusion. The experimentally obtained results have fully confirmed the conclusions 
that follow from a linear analysis of forced oscillations in parametrically underexcited systems, 
and the correctness of the assumptions made in such an analysis. 

An investigation of the forced oscillations in a parametrically excited circuit has also 
confirmed the correctness of the conclusions of reference [5], concerning the spectral composi- 
tion and the possibility of suppressing, by means of an external signal, the component having 
the same frequency as the parametric excitation. 

The author takes this opportunity to acknowledge his indebtedness to V.V. Migulin 
for suggesting the topic and for interest in the work. 
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SPECTRAL AND AMPLITUDE-FREQUENCY 
CHARACTERISTICS OF SUPERREGENERATIVE 
PARAMETRIC AMPLIFIERS 


Ye.M. Gershenzon and V.S. Etkin 


Many recent papers describe the application of the superregenerative mode in parametric 
regenerative amplifiers using semiconductor diodes [1, 2,3]; this application increases both 
the stable gain coefficient and the bandwidth of the amplifier. 

Regenerative parametric amplifiers can be viewed as regenerative amplifiers with negative 
resistance for each of the frequencies obtained in the amplification, namely fg and fg = fp - fg, 
where fp, f,, and fy are the pumping, signal, and difference frequencies, respectively. 

For a single-loop parametric amplifier [3], the expressions for the gain coefficient of each 
harmonic, at a large degree of regeneration, pave the form 

(Raa 
where Z is the wave impedance of the line feeding the amplifier, R is the total resistance of 
the equivalent circuit of the amplifier, and R is the negative resistance 


(wo is the tank-circuit frequency, and Co is the capacitance at the operating point). If the 
pumping voltage, controlling the diode capacitance, is modulated with a low frequency = 27F 
(or, what is practically the same, if Co is modulated), one can speak of slow modulation of the 
value of the negative resistance. Therefore, the behavior of a parametric superregenerative 
receiver is qualitatively described by the theory previously developed by G.S. Gorelik for 

the case of an ordinary superregenerator with modulated negative resistance [4]. In this 
connection, one can expect the spectrum at the output of the amplifier to consist of two families 
of spectra, f, tnF, andfginF, n=0,1,2,..., and that the frequency characteristic acquires 
additional maxima at the frequencies fp/2 +nF. 

We have verified these conclusions by using the parametric amplifiers previously 
described [3]. 

In producing the superregenerative mode we used a "high" pumping modulation frequency 
(2 - 5 Mc), comparable with the bandwidth of the amplifier. It was found that actually two 
families of spectra are produced at the output of the amplifier in the case of "superposition,"! 
and the frequency characteristics broaden and acquire new maxima. The ordinate of the 
frequency characteristic is in this case the total intensity of oscillation of all the frequencies 
excited in the parametric superregenerative receiver by a signal of frequency w. This in- 
tensity is measured by determining the current of a video detector at the output of the 
amplifier, Figure 1 shows spectrograms obtained with the aid of a spectrum analyzer for 
the regenerative and superregenerative modes: the left group (reading down): frequencies 
f, and fg close to |f, -fg la 3 Mc. 1) Spectrum in regenerative mode. 2) Spectrum in 
superregenerative mode at Fy,9qg = 5 Mc. 3) Spectrum in superregenerative mode for F 
2.2 Mc. In the right group, the frequencies f, and fg are remote, lf, - fg| s 12 Mes; 
the spectra are the same as for the right group. 

Figure 2 shows oscillograms of the frequency characteristics of the amplifier, obtained 
with the aid of a swinging-frequency generator, in the regenerative and superregenerative 
modes: 1) Resonance curve of nonregenerative amplifier. 2) Resonance curve of regenera- 
tive amplifier. 3) and 4) Resonance curve of superregenerative amplifier; F = 2.2 and 5 Mc. 

Thus, the use of the superregenerative mode increases the gain (for example, in the ex- 
periments described, for the same average pumping level the increase was from 20 to 35 - 40 
db) and the bandwidth (by a factor 2 - 4), but is accompanied by so considerable a distortion 
of the signal spectrum at the output of the amplifier and of the frequency characteristics that 
the use of superregenerative parametric amplifiers becomes impossible in many radio in- 
stallations. 


mod — 
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Figure 1 
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Figure 2 
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TRANSFER FUNCTION OF A 
SUPERREGENERATIVE PARAMETRIC AMPLIFIER 


Yu. Ye. D'yakov 


The determination of the transfer function of a single-loop superregenerative parametric © 
mplifier reduces to a solution of the differential equation 


q+ 2hq + wo {1 — N (t) cos [Qe + pta (t)}} q = exp jat, (4) 


where 7 (t) and ) (t) are slow functions of the time (q7<«n, 4<«yA). 
We shall henceforth assume that += =0, Q = 20, Y = @/2h>1and use the following notation 


8 : = 
§=0—m<oy, 2=14-2, a =4/2mh, ie | 
hQ( ~ 
w=> \ nat, f= (2—20)/47Q, fa= 7/8, 
202 n?Q? 5 
Pi = 2h(z—2), pat (eT oa) paw (pa 8), 


‘where 7 and 7 are the alternating and constant components of the function n (t). 
The solution of equation (1) for w >0 will be sought in the form 
(2) 


q= jot (ky ae kee 320! 


), 


assuming kj; ,2 to be slow functions of the time, so that *,,<ok,,. The factor following exp jwt 
in equation (2) is called the "transfer function’ Substituting (2) in (1) and equating to zero the 
coefficients of exp(jwt) and exp [jwt(w - 2wo )t], we obtain 


key 4 2jo) . o\? 2] re eee: 
+ (Gag + te) +[t— Ge) a ee 


2 2 
@ ®5 


kp | (1 Dara \ oh © — 200\? Lene) eee yet 
at oF Jh+[1— ( Oo ) + Qo a il ah 


In view of the assumed slowness of k,,2 and the large value of Q in this system, we can 
neglect the first two terms of each equation, after which we readily find the equations separately 
for k, and kz : 2 ; 

Hat Pitt) ky pot) hk, — fam = 4,2) (3) 


It follows from (3) that the asymptotic values of k, (corresponding to t ~ ~) are 
t 


3 Sak 
kOj= \ ye (t) yr ( aCe (t) fn (0) 40, (4) 


—oco 


where y;,2 are the linearly independent solutions of equation (3) without the right half, and 


A=yiyz2 -Siy2- een epee tae) 
After making the substitution y = wv exp e Oy \ pidtys the equation y+ py+ py = 0 assumes the 


form w—p(t)w=0, where p(t) =):—(p++2m)/4. It can be shown (see, for example [1, 2]) that if 
the function P(t) is sufficiently slow, namely, when 

1d 1 @2Vo 

Ave 4 Gee ~ aK, (5) 
the linearly independent solutions of the equation »—p(t)w=0are »,,=s " exe +e) where 
g=Vp+0(a@). In the case of a superregenerative parametric amplifier, conditions (5) are 
usually satisfied, and, in addition, 

4(a2—ah—!) 47 ?Q ?*~a<1 


~a 


(6) 
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(see below), so that it is necessary to assume in the approximate expression for w;,2 that 
g= Vp hOn/2: As a result we obtain 


i / = 5 
ty =exp | —h oF Or) pany | expt. +) EHO) (2) 


As follows from (7), A(t) =—hQnexp(—2hzt). . The function p(t) in (7) does not have a 
constant component; thus, the parametric system, described by equation (1), is characterized 
by two damping factors, h, , and hz (if we neglect the corrections of order h0(a% to hj,2 , [see 
(5) and (6)]. 

Expressions (2), (4) and (7) determine the dependence of the sought transfer function on 
the coefficients of equation (1). 

Let us examine several examples. 

1. The value of n in equation (1) is independent of the time (the parametric amplifier is in 
the usual regeneration mode). In this case n=, p=0, fi: =2/4/Q and f2=/8. From (4) 
we get 


ky = 2/4jQ 2 4 4 
ke = 1/8 = ees — ea (8) 
Usually the value of 7 is chosen close to 2/Q, so that h; « hz and we can assume 6~h, 
According to (8) we have here ky ~ [4jao (ti + /8)]~?, ke ~ [4@o (hy 4 75)J—4, |r| =| ha] « 
2. The value of 7 is constant and equal to zero (tank circuit with constant parameters). 
Going to the limit 7 =7 — 0 in (8), we find, as is to be expected, 


hy [27@ (h + 78)] 7, ke = 0. 


3. Let us assume that n(/) =n (1 -+-xcos vi), x<1. In this case 


ae xv sin vt P nQ hx 
1 = nx cos vt, © oe + COs VE)’ uw =Bsin vt, Cao. age (9) 
It follows from (9) that the role of the small parameter a in (5) and (6) is played by the ratio 
v /h (under the condition that the coefficient x is not too close to unity, and we can assume 
that (1+xcosvi)"'~1), The inequality v « his usually well satisfied in superregenerative 
parametric amplifiers. Inasmuch as 1~xv/h, we can put in (4) 4; =const =2/4/Q. 
Substituting the expression (9) in (7) and (4), we obtain 


te ne SD) | aaa 76)t+8sin vt], A=— hQn (1 + x cos vl) exp (— 2hst), 
lt 
as \ {exp [(h2 + 76) (6 — 2) + B (sin VO — sin vt)] — 
4j2Q?N _*55 
— exp [(t1 + 76) (0 — t) — 3 (sin v9 — sin vé)]} (1 + x cos v9) 21 d0. (10) 
Inasmuch as (—8sinvd)=  ) J,,(/8)e!™°, we obtain from (10), by setting (1 +x cos y9)—! ~ 


1—xcosv0 and using the relation J,,1, (/8) + 7/n—y (78) = (27/78) J, (73), 


Zz jnvt 
Tn oe eB SIDEANG g 4 inn i 
‘ 47hQ?y {¢ 4) hy +7 (6+ vn) (1 sh B 5 (WAS) 
n 
—invt ; 
__ p—fsinvl co Nig Us : yun 4 
é Dares UF), (11) 
n 


for 7 = 2/Q we have ; 
(24 1 7, G9) 


: eosinvl is 
4] Wo - y+ 7+ nv) © 


An analogous expression is obtained for kp: 


ka jnvl 


kg ~ ate e8 Sin vl Si ee ae ; 
—— hy +7 (6+ xv) 
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AN ERROR IN THE ANALYSIS 
OF A TWO-LOOP M PARAMETRIC AMPLIFIER 


Yu.Ye. D'yakov 


In the analysis of a two-loop regenerative parametric amplifier it is usually assumed that 
the oscillations in one of the loops occurs at a signal frequency »— 1.1, while in the other, so- 
called balanced loop, the oscillations are at the difference frequency |w — 23|~ 22, where Qs 
is the pumping frequency and ©1,. are the natural frequencies of the loops. Such an assumption 
is justified when the loops are of high Q and are weakly coupled, the latter condition calling 
not only for the satisfaction of the inequality C, «C pod» but also for the frequency difference 
Q1— 2 to be not too small. 

In the degenerate case 2:= °: each loop will carry oscillations not at one but at two 
frequencies, wand o—®;, similar to what takes place in a single-loop parametric amplifier. 
It follows, therefore, that in the case of the synchronous mode (2w =Q;), for example, the 
degenerate two-loop parametric amplifier will have selectivity with respect to the phase of the 
amplified voltage U(t). The double-frequency character of the oscillations in the loops of the 
parametric amplifier for 21=2 is not taken into account in references [1,2], and the results 
of these papers pertinent to this case are in error. 

The analogy between the degenerate two-loop and single-loop parametric amplifiers can also 
easily be verified mathematically, Let us assume for simplicity that the loops of the circuits 


shown in the figure are perfectly identical and let us put c, = 0, (L,,C,)"\2 = 90, R,/2L, = and 
Y, =C1 i, dt (v= 1,2). Writing down the Kirchhoff equations, we obtain for v, the following 
system of differential equations: 

i Lappe ugtas es OF lyase [oz vq), ea’ (1) 

n n (a8 0 | 0, n=2, 
where F(/) = Ca()C[1 + Cac). Adding equations (1) withn =1, andn = 2, and setting v=v, + 
V2, we get 

oe 2h p+ OP t=O Ft) e= OFT (W). (2) 


As is known, this is precisely the equation for a single-loop parametric amplifier, whose 
capacitance is modulated in proportion to [1 — 2/(«)]-', thus proving the aforementioned analogy. 

If the function v, satisfying equation (2), has been determined, then, as can be seen from 
(1), the determination of v; and vz reduces to the elementary problem of solving a second-order 
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differential equation with constant coefficients, 
with a known right half. In particular, when 
the amplitude of the time-dependent component 
of the coupling capacitance C; is close to its 
threshold value, corresponding to the start 

of parametric oscillation, we have 71— 7 and 


itm la 
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CONSIDERATION OF COMBINATION FREQUENCIES 
IN SYSTEMS WITH PERIODICALLY VARYING REACTANCE 


Yu. A. Kravtsov 


As is well known, the steady-state response of a linear system with periodically varying 


parameters to a harmonic signal 
i (t) = Jeiot (1) 


is expressed by a Fourier series in the harmonics of the fundamental pumping frequency 


+00 


Pla) j= (x Ky (@) ene) Treva: . (2) 
—0o 


For systems having high selectivity, it is necessary to take into account in expression (2) only 
those combination frequencies, which lie in the passband of the system. In particular, in a 
one-loop parametric amplifier, and also in a two-loop regenerative amplifier, it is possible 
to retain only terms with index n = 0 and - 1, while in a double-loop nonregenerative amplifier 
the indices n = 0 and + 1 need be retained. In multiloop parametric amplifiers, sometimes a 
larger number of harmonics is taken into account. 

It is of interest to calculate the amplitudes of all the combination frequencies in the ex- 
pansion (2), at least for a system with a single periodically varying capacitance (Figure 1). 
For this system, the voltage on the capacitance u(t) and the current i(t) are related by 


d 
Y [u ()] + Fle () u ()] = 7 (4), (3) 
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Figure 1 Figure 2 


where C(t) is the periodically varying capacitance: 
C(t) =C +26 ws Qt, (4) 


and Y is the linear admittance operator of the part of the circuit having constant parameters. 
Substituting (1) and (2) and (4) into (3) and equating the coefficients of exp [i(w +n {)] in the 
left and right halves, we obtain for the coefficients k,(w) the system of equations 


y { ==), 
Vk (0) + Ua Ung (0) + hyp (0)] = oA 


where (5) 
YA=Y(o,)+i0,C; y, = io,C; 


n 
O,=O+72 (n=0, +1, +2,...). 


The solution of the system (5), which can be found first for a finite number of unknowns 
(- N < n< N), and then expanded to include the case N = ~, has the form 


Yn 
k, (0) =— 5 ky 1(@), n>0, (6) 


where 


amar a Undine 0; 


or 2 , n<d. (7) 


In the case of small capacitance deviation C (C <« C) and a sufficiently high harmonic 
number n (such that the frequency wy = w +n © lies outside the passband of the system), 
the ratio Yn/ Yy, contained in the recurrence formulas (6), is a small quantity on the order of 
C/C: 


‘ G 
itn! Yn l~ a at 


and the amplitudes of the harmonics | kp (w)| decrease one order of magnitude with respect to 
C/C whenever n is increased by one. Under these conditions we can confine ourselves to only 
a few terms in the expansion (2). 

The contribution of the individual combination components to the amplitude of the funda- 
mental harmonic | ko (w)| (the harmonic at the signal frequency w) is also determined by the 
magnitude of the ratio yp/Yy, by virtue of which the continuous fractions in (7) can be terminated, 
starting with a certain index n. In particular, in a one-circuit parametric amplifier (Figure 2), 


751 


Figure 3 Figure 4 


in which the signal frequency is approximately half the pumping frequency and is close to the 
frequency to which the circuit is tuned [o~aQ/2~1/ Vas (C,, + €)jthe most important roles are 


played by the admittances Yo and Y_, at the frequencies wo =w and ©_,=0—2~—o, so that 


y ey, You_ Y 
OS ah aces) eek ee 
ko (@) =~ —+ k,(0)=— $1 in (o). 
4 ie? Yoy_, =) 
x 


if 


The system shown in Figure 1 can be made more complicated by adding the signal source 
to part of the admittance Y (Figure 3). Expression (1) - (7) remain in force, provided the 
current i(t) is replaced by * () se -and the admittance Y is replaced by + . The 

— 1 2 

Y 
circuits shown in Figure 3 can be used for the calculations of a two- loop parametric amplifier, 
in which the coupling element comprises a capacitance C(t) connected in series with a resistance 
R (Figure 4). 

Naturally, the results obtained for the circuit shown in Figure 1 can also be extended to 
include a system with periodically varying inductance. 

The author is grateful to S.M. Rytov for interest in this work. 
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EFFECT OF ASYMMETRY ON THE OPERATION 
OF PUSH-PULL, SEMICONDUCTOR CONVERTERS 
WITH EXTERNAL EXCITATION 


G.N. Berestovskiy 


In high-power, push-pull converters (Figure la), which as a rule are externally excited, 
there is frequently observed a substantial difference between the collector currents of the 
two transistors, i.e., the presence of a dc component in the current flowing in the transformer 
collector winding. This phenomenon frequently causes one of the transistors to be overloaded 
or even to fail, The appearance of a dc component I is due to the asymmetry of both the circuit 
and the switching mode, and the considerable value of I is due to the small resistance of the 
conducting transistor and to the presence of the inductance L of the collector winding, connected 
between the two transistors. 

The inductance L causes the current in the steady-state mode to be so distributed among 
the transistors, that the inductance voltage u, (and consequently the load voltage) has no de 
component: 4 
{ u,dt=0, (1) 
where T is the period of the oscillations in the circuit. 

The de component, more accurately, the monotonically varying component, of the voltage 
uz, will be present only during the settling time of the oscillations. The magnetizing current iy, 
will also have a slowly increasing unipolar component, which grows until the change in the 
voltage drop on the collector-circuit resistance causes equation (1) to be satisfied. 

Let us calculate the dc component I of the current i;, taking into account both the asymmetry 
of the circuit and the asymmetry of the output voltage, i.e., the voltages on the inductance. 

To simplify the calculations we shall assume that a) the duration of the voltage front is equal 

to zero during switching; b) the maximum value of the current i;, is much less than E/r, where 
r is the resistance of the circuit through which the collector current of one of the transistors 
flows. The latter assumption, as shown by calculation, enables us to regard the current i, 

of a conducting transistor as constant and equal tothe value averaged over the time of the 
pulse. 

On the basis of these assumptions, expression (1) can be represented in a simpler form: 


Up Vi= Up Vas (2) 


where uy, and 7, are respectively the amplitude and duration of the voltage half wave of one 
polarity; uy,, and tz are the same for the other polarity. On the other hand, 

Uy 4h a — (0 — Lr, Upp = B— eg — (1, +1 )ra, (3) 
where e; and ez are the residual voltages on the transistor collectors, voltages that depend 
on the collector and base currents; I, is the current I’ referred to the collector winding. 

The current I flows through the following closed loop: fransistor T1, transformer winding - 
transistor T2. Therefore, in one transistor I is added toI,, whereas in the other it is sub- 
traced. From equations (2) and (3), we obtain, neglecting the small quantities and assuming 


that|"—5) < 1,we have the following expression for the current I: 


E tT) — 7) (er + rilé ) —(e2 + 4 re) 
~n+re T2 a ryor V2 : 

To gain a clearer idea of the order of magnitude of I, let us consider the following 
example: E =25v, r; +rz =0.5o0hm, relative difference in durations of the voltage half 
waves is 1%. Here I = 0.5 amp and consequently the currentIg2 is found to be 1 amp greater 
than the current Ig; . We see that even a very slight asymmetry in switching leads to a large 
difference in currents. The second term in equation (4), due to the asymmetry in the circuit, 
is as a rule small in value , since the voltage losses in the primary circuit are usually small. 
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However, the same asymmetry can lead to the appearance of the first term, too, i.e., to an 
inequality in the half-waves of the output voltage even though the control voltage is perfectly 
symmetrical. To explain this effect, let us examine the switching process in the circuit of 
Figure la. 


Figure 1 


a — diagram of converter with external excitation, b — current and voltage curves 


When the transistor base voltages reverse signs, the cutoff transistor, say T2, starts 
conducting and its collector current igz increases in accordance with the transient characteristic 
of the transistor, while the conducting transistor T1 begins to cut off. But since transistor 
T1 was previously in the saturation mode, a certain time t,; (Figure 1b) elapses before it goes 
into the active region of the characteristics. Only starting with that time will the voltage on 
the transformer windings begin to change, meaning also the load current I'g. In order to 
determine the character of variation of the currents, let us turn to the equation relating the 
currents in the circuit 6) 
Ps ae Oe BY Nit As ; 
Assuming the inductance L to be sufficiently large, we neglect the change in the current iy, 
during the switching time. Then, up to the instantt,, the difference in transistor currents will 
remain constant, i.e., bothig,; and igz will increase in accordance with the law governing 
the variation of the current ie2z. After the transistor T, goes out of the saturation mode, both 
currents ig; and igz vary independently of each other, each in accordance with its own law: 
ig; decreases while ig2 increases. Their difference determines the magnitude of the current 
ig and accordingly the voltages on the transistor collectors. This process continues until 
the transistor T2 becomes saturated (instant tz on Figure 1b). Then the load current reverses 
sign and reaches its stationary value Ig. Thus, the time interval tz -t, corresponds to the 
duration of the voltage front across the load. After Tz becomes saturated it turns into a 
passive element, and now its current igz duplicates the course of the current ig; in such 
a way that their difference remains equal toIg -Iy,. After a half-cycle, the current ig 
increases to a value Iz +I; and the entire process of switching is repeated again. 

If the transistors have unequal characteristics, then both the durations of the fronts and 
the times required for the transistors to go out of the saturation mode will be different, and 
this leads to asymmetry in the output-voltage half-waves. With increasing switching frequency, 
the relative difference in the voltage half-waves increases, since the durations of the fronts 
remain constant while the period decreases. 

In self-oscillating operation of the converter, a de current component also appears if 
the circuit is not symmetrical, but owing to the automatic regulation of the ratio of the half- 
cycle durations, this de component can be much smaller. Moreover, the use of an inductive 
element with a core made of a material having a rectangular hysteresis loop, the saturation 
of which determines the instant of flipping of the circuit, almost completely eliminates the dc 
component in such a circuit, In a separately excited generator, naturally, such an element 
cannot help since the switching mode is imposed from the outside, 

Thus, the main cause of the de component of the current is the difference in the durations 
of the output-voltage half-cycles, and also the differences in the transistor characteristics 
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(particularly at high commutation frequency). 

The symmetry of the switching voltage can be attained by selecting the transistors in 
the master oscillator (converter in self-oscillating mode) and by using in the oscillator a 
transformer with a rectangular-hysteresis-loop core. The difference in the converter 
transistor switching times can be greatly reduced by reducing the switching time, this 
Ee accomplished by using a control voltage with a large peak at the start of each half 
cycle. 


Physics Faculty, M.V. Lomonosov 
Moscow State University Submitted to editors 16 December 1960 


PARAMAGNETIC AMPLIFIER 
FOR THE TEN-CENTIMETER BAND USING Fe3+ IONS 
IN CORUNDUM 


N.V. Karlov, Yu.P. Pimenov, A.M. Prokhorov 


The possibility of using Fe? * ions in corundum in paramagnetic amplifiers for the three- 
centimeter band has by now been experimentally established [1,2]. It is interesting to ascertain 
whether this material can produce a resonant parametric amplifier for the ten centimeter band. 
In this case we can choose several different levels of the Fe*" ion. We have experimentally 
investigated only one version, in which we used aparamagnetic amplifier resonating system 
already on hand. The trigonal axis of the electric field of the crystal was perpendicular to the 
external constant magnetic field. In this case the energy levels of the two nonequivalent Fe3* 
ion systems coincide. We use for the amplification the transition between the lower levels, 
which could be characterized by the quantum numbers M = 1/2 in the case of parallel orienta- 
tion. The auxiliary transition used was - 1/2 ~ - 3/2. The frequency of the auxiliary radiation 
was about 14,000 Mc. In the cavity used, the high-frequency magnetic field of the signal 
was perpendicular to the external magnetic field and to the trigonal axis of the crystal. 

The amplification and generation were observed at a temperature 2° K. The constant 
magnetic field was approximately 380 oersteds. The product of the gain by the bandwidth was 
small in this case, principally because the corundum specimen which we possessed contained 
a small number of iron ions. From these preliminary experiments we conclude that corundum 
with Fe3* is apparently a suitable material for paramagnetic amplifiers for the decimeter 
band. 
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MICROWAVE REGENERATION IN A FERRITE 
IN RESPONSE TO LONGITUDINAL PUMPING 


A.L. Mikaelyan, A.A. Vasil'yev, V.V. D'yachenko 


In reference [1] the authors have investigated phenomena that take place in a magnetized 
ferrite subject to the action of an alternating magnetic field with circular polarization of 
large amplitude (that is, the pumping field). 

The gist of these phenomena, the mechanism of which was first considered by H. Suhl 
[2], is the following. When "magnetostatic" oscillations at frequencies w, and w2 , related 
by the equation , 


@1+02:=0 oe (1) 


(Wp is the pumping-field frequency) are excited in a ferrite, the natural-oscillation losses at 
the frequencies w, and wz can be offset by the pumping-field energy; here the pumping field 
plays the role of a source that gives rise to periodic variations in the properties of the ferrite. 
At certain "threshold" values of the pumping field, when the losses in the ferrite are com- 
pensated for, oscillations will be generated at frequencies w, and w2. 

Articles [1, 2] treat only the case when the pumping field is homogeneous and circularly 
polarized in the plane perpendicular to the magnetization axis (type 1, 1, 0). 

The present communication is devoted to an investigation of analogous phenomena in a 
ferrite sphere, acted upon by a pumping field hy oriented along the magnetizing field H§ (the 
direction of this field coincides with that of the z axis). 

When the pumping field has this direction, magnetostatic oscillations other than those 
considered in reference [1], can now interact with each other. 

As in [1], we shall consider a small ferrite sphere, whose dimensions are such that the 
magnetostatic approximations are applicable. 

By determining the magnetization 47M, at the frequency w, from the system of equations 


aM a —> > ‘ 
= TMH), roti =0, H=graay (2) 
we obtain* 
* * 
. Oo ay eC 
4nM.. = Z k J ah eae E 
x =z In a + IBh, By 
x * (3) 
yn MES Ov, ON, ; ay, 
40M, =X, By 1 7ky a ah, By — [Bh ie 
where 
_ Oy . , OO, Ps YOu (o2 — (01) 
Se SS ae a, sa , > 
Oo; — oF Oo; — oF 2 (wf — of) (0% —o3) 
YO jz M (M2 — 4) 
2 (02 — w2) (02 — 02) * (2) 


With the aid of the equation divB = 0 and expressions (3) we readily obtain the following 
system of equations for the magnetostatic-oscillation potentials at the frequencies @, and wp: 


*We use everywhere the same notation as in [1]. 
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M1 a a a Yi -+ One's = ah (a ae 7) 


Out Oy? 0 NOG 20 U2) ae 
(5) 
GET LO aN rs PV, 02 a2) 
be RC ae a Yy -b “= ah eee SS s* 
Cs * Oy? ae Op (ae r oy* ) Eee 


If there is no pumping field (hp = 0), then the system (5) separates into two independent 
| equations, describe the free Macteiostutic oscillations at frequencies w, and wz. In the 
presence of a pumping field, these oscillations are coupled to each other. 

The method for the investigation of this system of equations is fully analogous to the 
anethod used in [1]. We, therefore, leave out all the intermediate mathematical derivations 
and give only the final results, which determine the types of interacting oscillations and the 
_ amplitude of the pumping field corresponding to the oscillation threshold. 

1. Oscillations with a zero second index, that is, 


2,0,1; 3,0,1; 4,0,4 (6) 


etc., interact ''with each other." This is the so-called "degenerate" case when 1 = a: = aS. (i, 


| 2 
_ It must be noted that inasmuch as the index can assume different values for oscillations of the 
higher types, * a "nondegenerate"’ case is also possible. The interacting pair 4, 0, 1-4, 0, 
2is an example. 

For the sake of illustration, let us examine the formula for the threshold of oscillations 
of type 2, 0; 1. This i igre Seg 


orto? 5 see a (7) 


ee | 2 am \' ter 
if the resonant tuning is of the type 2, 0, 1, when 05 — 0? = — $00 (see, for example, reference 


[1]). Results of calculations based on this formula for different external magnetizing fields are 
illustrated in Figure 1. 
2. The second group of interacting oscillations contain the pairs 


540-8, 4.4 04, 0,045,145 (8) 
Le DA) ce Ded 
etc., that is, circularly polarized oscillations with oppositely directed rotation. 
It must be noted that the third index can also have a nonzero value, if such an oscillation 
exists (an example is the interacting pair 3, 1,1- 73; ley aL) 
The formula for the oscillation threshold of the lowest pair of oscillations 3, 1. 0 =o et 
has the form 


po (Bean —ak sh + 27K) (Suan dnl Huge} 2TH +) i 
PT (4a hh —4p2-+27) — B(4p241)] [2 (4jts-+4k2-+4p1+27) — B(4tr+1) ] 
The calculation was carried out with each of the oscillations tuned to resonance, as 
determined by the relations 
ky 7 274 —— Aue +4uyhky —4= 0, hey +27 po+-4p5 +-4proho+- -4=0. (10) 


The first equation has two roots, corresponding to oscillations of type 3, 1, 0 and 3, 1,1. 
The results of the calculations for the pair 3, 1, 0 - 3, 1, 1 are shown in Figure 2. We see 
that the oscillation threshold has the same order as in the case of pumping with circular 
polarization, considered in [1].** 


*These oscillations have different natural frequencies. 
**The threshold values of the pumping field for the pair 3, 1, 1 - 3, 1, 1 have been cal- 
culated to be of the same order of magnitude. 
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Figure 2 


In conclusion we note that oscillation in ferrites was recently observed experimentally 
[3] also for oscillations 3, 1, 0 - 3, 1, 1 with a power on the order of 1 watt (the frequencies 
of these types were 4626 and 4570 Mc, respectively) . 

Calculation by means of the plot given in Figure 2 yields under these conditions hy = 5,5AH, 
For the experimentally used half-wave pumping resonator and a ferrite with 2AH = 0.4 oersted, 
this corresponds to about 0.6 watt, which is close to the experimental figure indicated above. 

Analogous preliminary experiments, carried out by the authors, also confirm the possibility 
of amplification and generation of oscillations. Gain for the degenerate case (oscillation of 
type 2, 0, 1) on the order of 20 db, with a bandwidth of 20 Mc were observed with a single- 
crystal sphere 1.9 mm in diameter at a pulse pumping power of 20 watts. The oscillation 
threshold at half frequency, determined by formula (7) with a 3 oersted width for the curve of 
the investigated ferrite, amounts to approximately 50 watts. 
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A SPIN GENERATOR 
V.G. Véselago 


The spin generator is a self-oscillating system whose oscillating frequency is determined 
_ by the precession of nuclear or electronic spins in a magnetic field. Such a system can cause 
a frequency variation in accordance with a definite law, depending on the variation of the 
‘magnetic field, as first proposed by Schmelzer [1]. Considerable promise is afforded also 
by the use of a spin generator for the measurement and stabilization of a magnetic field in 
_ nuclear-magnetic-resonance installations of high resolution. It is essential here that the 
_ operating substance of the spin generator be stationary, since the oscillation frequency of a 
| spin generator with moving specimen [2, 3,4] depends on the rate of its flow and on the variation 
of the field at different points of the path of the working substance. A brief theory of a spin 
generator with stationary specimen is given in references [5, 6]. 

A block diagram of the spin generator which we have constructed is shown in Figure 1. 
The coil with specimen is placed in the field of a permanent magnet of intensity H = 5000 
oersteds. The magnitude of the field can be varied slightly by using magnetizing coils. The 
proton precession frequency in the field H is about 20.3 Mc. The coil with the specimen 
comprises an arm of a double-T bridge. The output of the bridge is connected to its input 
through a resonant amplifier tuned to 20.3 Mc. The overall frequency characteristic of the 
entire channel, including the bridge with the specimen and the amplifier, is shownin Figure 2. 
The central narrow peak + 100 cps in width corresponds to the unbalance in the bridge circuit, 
due to the nuclear magnetic resonance in the specimen, while the broad maxima on the edges 
are due to incomplete balance of the bridge over a broad range. For successful operation 
of the spin generator it is essential that the central peak be greater than the side maxima, 
or else the spin generator will operate on a sideband frequency which is not under control 
of the NMR signal. Since the T-bridge customarily used [7] has a very narrow bandwidth, we 
used the "idle tuned circuit" shown in Figure 3 [3]. The bridge is balanced by adjusting 
the trimming capacitors C, and C2, which should be very precise in order to attain high 
stability. The attenuation of the bridge at the resonant frequency is ~80 db and is maintained 
for a time on the order of several hours. 


ke ke 
| Le ae ST [Un ee see eon 
5 hype meh UE ie he ee hs 5 
Figure 1 Figure 2 
Block diagram of spin generator: Frequency characteristic of spin 


ator. 
1 - magnet; 2 - coil with specimen; pen age te 


3 - bridge circuit; 4 - amplifier; 5 - 
bias of magnetic field; 6 - output to 
wavemeter-heterodyne 
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Figure 3 


Bridge circuit. 


A - input; B - output; C,;, Cz - balance adjustment; 
L; - coil of "idle tank circuit," Lz - coil with 
specimen; L,_4 - phase transformer. 


The amplifier used in the spin generator was a revamped type KVM receiver, tuned to 
20.3 Mc. The voltage at the "IF output" socket was fed to a special balanced mixer, The 
voltage from the heterodyne of the KVM receiver is also applied to the same mixer, and the 
result is a signal of the same frequency as at the receiver input, i.e., 20.3 Mc. The band- 
width of the receiver is +3 kc, and the total gain necessary for operation of the spin generator 
is about 103. The oscillation frequency was measured with the aid of a wavementer-heterodyne, 
to which voltage was applied from the input of the bridge circuit. 

To trigger the spin generator, the bridge circuit was tuned to maximum damping of the 
20.3-Mce signal, with the field tuned away from resonance. The field was then set equal to 
the resonant value and the amplifier gain increased until oscillations set in. The oscillation 
amplitude was ~0.01 v. The signal/noise ratio was greater than 10. The oscillation frequency 
is proportional to the magnetic field and "follows" the field in a range +500 cps. A change 
of 2 - 3 kc in the setting of the KVM receiver changes the oscillation frequency by merely 
20 - 25 cps. 

To increase the interval in which the spin-generator frequency follows the variation 
of the magnetic field, it is necessary to use a bridge with greater bandwidth, something that 
can be accomplished by equating the Q's of the working and the "idle" tank circuits. 

In conclusion, the author expresses his great indebtedness to A.M. Prokhorov and 
K.V. Vladimirskiy for much advice and discussion; to Yu.V. Kosichkin, a student at the 
Moscow State University, for help in plotting the characteristics of the spin generator; and 
to M.S. Matyaev and L.V. Zav'yalov for aid in erection of the apparatus. 
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CHRONICLE 


THIRD ALL-UNION CONFERENCE 
ON ELECTRON MICROSCOPY 


From the 24th to the 29th of October, 1960, the Commission on Electron Microscopy of 
the Academy of Sciences, USSR conjointly with the A. S. Popov Scientific Technical Society 
of Radio Engineering and Telecommunication convened the 3rd All-Union Conference on 
Electron Microscopy in the city of Leningrad. One hundred and sixty reports were delivered 
in the five sections, dealing with 1) electron optics and physical applications, 2) instrument 
design and general preparatory methods, and applications in the fields of 3) metallurgy, 4) 
chemistry and technology, and 5) biology and medicine. * 

The conference was opened by the representative of the organizing committee, Academi- 
cian A. A. Lebedev. 

At the first plenary session a survey report ''Contemporary Electron Microscopy," was 
made by Yu. M. Kushnir. As in the past, X-ray methods continue to occupy a leading posi- 
tion in electron microscopy. Along with a trend toward increased resolving power in the in- 
struments may be observed a striving for greater and greater standardization (in heating and 
cooling systems, objective length, photographic processes, gas microchamber, etc.) Do- 
mestic and foreign microscopes of recent manufacture were enumerated. 

Ever-increasing knowledge is being acquired in the fields of high- and low-voltage mi- 
croscopy. High voltage permits the study of coarse objects and microdiffraction investiga- 
tions of regions fractions of a micron in cross section (smaller regions cannot be studied by 
electron microscopes due to the effect of the magnetic field of the intermediate lens), and, 
finally, allows the obtaining of stereophotographs for investigation of the spatial structure of 
objects. The greatest results in the field of high-voltage microscopy have been achieved in 
the USSR. Low-voltage microscopy (5—15 kv) is promising because it heightens image con- 
trast (the contrast is increased by, approximately, a factor of 10, but the resolution is cut 
in half). Possibilities of investigating living and wet objects were opened up by the work 
conducted in the USSR toward development of the#gas chamber, in which objects may be 
studied under pressures close to atmospheric. Encouraging results were obtained in the ap- 
plication of brightness amplifiers in studies at low voltage 

Along with the development of X-ray microscopes, both in the USSR and outside it, 
promising work is being conducted toward direct investigation of macroscopic objects (emis- 
sion, reflection, mirror and scanning microscopes). 

In his conclusion, the speaker remarked on the present state of development of several 
other electron-optical instruments: electronographs, energy spectrum analyzers, interfer- 
ence and phase microscopes, X-ray shadow microscopes, and microanalyzers. The entire 
report stressed the progress made of late in the design of such instruments in the USSR, but 
took note of a number of inadequacies, which can and should be eliminated, if there is to be 
further progress in electron microscopy in our country. 

In the section on Electron Optics and Physical Applications of Electron Microscopy, a 
number of theoretical reports were heard. A great deal of interest was elicited by the com- 
munication of A.G. Vlasov and D. M. Krupp entitled "Field Calculations for Electronic 
Lenses," in which the Dirichlet problem was solved and a method of dividing the investigated 
region into cells was used, these cells being bounded by planes in an orthogonal coordinate 
system of a type that allows the Laplace equation to be integrated by separation of the 
variables. 

In answer to the questions of A. M. Strashkevich and G. V. Der-Shvarts concerning the 
possibility of extensive use of computers and the generality of the method and approximations 
proposed by Vlasov, it was stated that complex problems may be solved approximately, that 
it is best to set up individual programming for each case, but standard programming may 


also be used. 


* The present article is a digest of material given us by the leaders of all sections with 
the exception of the biology and medicine section. 


In the discussion between A.G. Ulasov and G. V. Der-Shvarts, permissible assumptions 
in calculation, and the degree of accuracy of results were appraised. 

The work of G. V. Der-Shvarts and V. P. Rachkov, "Calculations for Lenses Excited by 
Permanent Magnets" contained a method for calculating the field of magnetostatic lenses by 
the simplifying assumption of a uniform field intensity; using this calculation the optimal di- 
mensions of a magnet are found to sufficient practical accuracy. 

In the discussion that followed it was brought out that not in every case is such a simpli- 
fication of the boundary conditions permissible (e.g., angles, edges, etc., were not 
considered). 

P. P. Kas'yankov and K. P. Dutova presented the work entitled ''The Problem of Aberra- 
tion in Electron-Optical Systems.'' The work had intrinsic interest because it took up the 
general case of third-order aberration. A formula for the aberration factor was derived by 
the trajectory method, without assuming the presence of an object or an image in the field or 
in the field-free space. : 

G.G. Dritov and Yu. V. Vorob'yev took part in the ciscussion. The question arose: to 
what degree can Kas'yankov's formula yield the results appearing in Glaser's works? 
Kas'yankov asserted that Glaser's formula was obtainable as a special case of his own, but 
the coefficients were a bit different. 

O.1I. Seman pointed out that the report had been interesting in two of its aspects: 1) the 
linking of systems exploying beams not limited by diaphragms with those containing dia- 
phragms, and 2) the application of the trajectory method to systems with magnetic 
immersion. 

A.G. Vlasov noted that it is unwise to choose any beam inclined from the principal plane 
for calculation purposes. 

A.N. Pilyankevich in his communication ''Calculation of the Scattering Characteristics of 
Electrons in Free Atoms" presented a theory of the scattering of medium-energy electrons. 
This question is of interest in the appraisal of contrast in electron microscope images. The 
self-consistent Hartree-Fock wave function was utilized for calculations and spatial relations 
and asymmetry in the distribution of electrons in the atom were taken into account. 

. The calculations were made by assuming the presence of scattering in free atoms. The 
dependence of the scattering cross section on the aperture angle of the objective lens was 
discussed in the report. It appears that at large aperture angles the pertinent results of Lenz 
are not accurate. 

In the ensuing discussion, A. Ya. Vyat-skin was interested in the effect of displacement 
of the parent atoms and molecules of the scattered electrons. Pilyankevich explained that he 
did not consider this effect, although it does indeed have value in matters concerning the re- 
solving power of electron microscopes. 

A.M. Strashkevich in a report, 'Investigation of Hyper-Gaussian Trajectories in the 
Field of an Electrostatic Quadrupole Lens, '' derived equations for the trajectories of charged 
particles in the hyper-Gaussian region. He corrected an error made by Bernard and Hugh. 
It was shown that, in quadrupole lenses and many other fields, the trajectory of least devia- 
tion is that which is symmetrical with respect to the plane of symmetry of the field. In the 
Gaussian region this does not hold true. 

In discussing the results of this work, P. P. Kas'yankov and O.I. Seman clarified cer- 
tain details concerning the structure of the field along the axis of a rectangular coordinate 
system and defined the limits of the speaker's assumption that the dimensions of spherical 
electrodes are small in comparison to the distance between them. 

G.G. Dutov in a report entitled "Electron Optics for Probe Systems" considered the 
problem of creating an electron beam of small dimensions, explained the role of aberration, 
in particular, spherical aberration in the secondary lens of a system and established the ex- 
pediency of applying nonaxially symmetric devices in probe systems. 

In the succeeding discussion in which G. V. Der-Shvarts, I.S. Sbitnikova, and others 
took part, were established: the magnitude of the limiting current (without considering space 
charge effects); the applicability of the formula of Liebman and Durando; the possibility of 
calculating spherical aberration of the terminal lens of a fine-beam system. 

Theoretical investigations on electron optics were heard which reflected the intense ef- 
forts toward deeper knowledge of the nature of aberration with the aim of reducing and sup- 
pressing it, and the search for better and simpler focusing systems for modern X-ray, emission 
and scanning microscopes 

A number of reports concerned with physical applications of electron microscopy were 
also heard. 
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Yu. M. Kushnir and A.N. Kabanov spoke of the application of an electron analyzer to 
studies of the energy spectrum of electrons reflected from metals. The 75v analyzer con- 
structed previously by the authors has a sensitivity of 0.5v. Registration was made not only 
by a photographic method, but more thoroughly, by using an FEU and an EPV electronic po- 
tentiometer, which gave precise measurements of the intensity of lines in the electron energy 
spectrum. By varying the angles of incidence and reflection, they determined the ratio of 
elastically and inelastically reflected electrons. The temperature dependence of the charac- 
teristic losses in iron, titanium, aluminum alloys and other materials was studied. 

In the discussion that followed (A. Ya. Vyat-skin and G. V. Spivak) the value of the work 
was noted, but also the desirability of improving conditions on the surface of the investigated 
objects; the materials had not been degassed and thoroughly cleaned. In particular, in the 
measurements on titanium the extraneous phenomenon of absorption of gas from the instru- 
ment might have been superimposed. The original authors of the report established that in 
the spectrum of a@-Fe, there are two series of characteristic losses: one series is radically 
altered on change of the crystal structure, i.e., in the transition from a— y-Fe. The re- 
sults are in good agreement with the theory of pair collisions. As for titanium, on change of 
its crystal structure and the resultant change of temperature of a- and @-Ti, the spectrum 
is also qualitatively changed. 

A number of reports were connected with the application of electron microscopy to semi- 
conductor physics: 1) structure and photoelectric properties of thin layers of lead sulfide 
(R. Ya. Bergala and M.I. Rudenok); 2) investigation of the mechanism of formation of lead 
sulfide layers (G.I. Distler, S.A. Daryusina); 3) electron microscopic and electronographic 
studies of Ge surfaces (P. Ya. Bergala, P. P. Konorov and M.I. Rudenok); 4) studies of the 
absorption of ions from water in the washing of Ge and Si (V.S. Sotnikov and F. B. Nikishova); 
5) study of semiconductor whiskers (monocrystalline filaments) with the aid of an electron 
microscope (I.G. Sorotenko, G.V. Spivak, I.G. Stoyanova and G. M. Osad'ko); 6) applica- 
tion of an electron mirror to the investigation of electrical inhomogeneities on semiconductor 
surfaces (D.V. Kormilitsyn and P. K. Oshchenkovy). 

In the first report R. Ya. Bergala stated that needle-shaped formations distributed par- 
allel to the molecular beam may be observed with an electron microscope. He explained the 
great significance of profiles, which give more valuable information than prints. 

In the subsequent discussion V. N. Vertsner did not agree with the author's assertion 
concerning needles on the surfaces. The most acceptable surface process should be dendrite 
formation. 

The author of the second theme said the lead sulfide layers were obtained by chemical 
means. Electron microscopy permitted following the development of the layer from a nucleus. 
The observations of the author concerning the essential role of the sublayer (crystalline or 
amorphous) were interesting. 

In the third work, presented by P. P. Konorov, the connection between the velocity of 
surface recombination and the nature of the surface etching was established. In answer toa 
question, the researcher noted that the surface was polished with abrasive particles, 100 in 
diameter, and this certainly led to the presence of coarse nonuniformities in the germanium 
surfaces. 

The fourth communication in this cycle was given by F. B. Nikishova, in which she noted 
the presence of copper, silver and gold impurities from previous technological treatment and 
cleaning of the semiconductors. 

The fifth report was made by I. G. Sirotenko, who spoke of investigations, in a gas cham- 
ber developed by I.G. Stoyanova, of the structure of monocrystalline filaments of tungstic 
and molybdic oxide, prepared by ignition in air. The studies were made in an autoelectronic 
emission projector under a high vacuum. 

I. L. Sokol'skaya, Yu. M. Polukatov and D.V. Ignatov wanted to know about the individual 
emission pictures of the whiskers and the effect of temperature on the evaporation and dimen- 
sions of the monocrystals. 

The final communication in this series was given by D. V. Kormilitsyn. Photographs 
were used to illustrate the application of electron mirrors to the observation of p-n junctions 
in Ge and Si; p-n junctions were observed as fine bands (magnification 100 X) at the cleavage 
boundaries. 

The author was deluged with questions concerning the construction of the instrument, its 
supply line, methods of preparing the objects of investigation and possibilities of observing 


structural details of the p-n junction. 
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In the discussion period G. V. Spivak remarked on the importance of this work for the 
study of the nature of p-n junctions, the necessity of improving the construction of the mirror 
and increasing the light power of the instrument and the usefulness of further studies in this 
direction as a promising method for investigating microfield structures. 

Three other reports were devoted to investigations in electrical and magnetic micro- 
fields. The first one — 'Electron-Optical Measurements of Electrical and Magnetic Micro- 
fields on Surfaces" — was presented by N.N. Sedov, G.V. Spivak and N.F. Isayeva. A quan- 
titative relationship was established between the brightness of a picture obtained from sec- 
ondary or photo emission and the local field at the emitter. The image on the screen of an 
electron microscope was objectively recorded by a photomultiplier or even a Faraday cell. 
The method permits the field distribution over the surface of a solid to be measured and 
studied. 

In the communication of A.B. Druzhinin and B.N. Popov, ''Determination of the Work 
Function of Microregions of Thermionic Cathodes, '' measurements of current in the image 
plane of pressed and L-cathodes in a high-vacuum emission microscope (p ~ 5° 10-? mm Hg), 
constructed by the authors, were reported. From these measurements, the local work func- 
tions were calculated by Richardson's formula. 

G. V. Spivak noted that image contrast, even in the given strong electric field, is a func- 
tion of the tangential components (''field spots'') and this leads to errors in determining the 
work function. 

The author of the report agreed with this, stating that measurements made at the center 
are more reliable than those at the edges. 

In the report of L. V. Lazareva and G. V. Spivak, "Electron Microscopic Observation of 
Microfields Using Photographic Prints, '' was indicated the possibility of observing magnetic 
inhomogeneities with the aid of replicas. The possibility may be realized because magnetic 
nonuniformities and surface deformations are closely interrelated. A correspondence was 
found between powder patterns and electron-microscope pictures. 

Yu. A. Skakov called attention to the system of bands in the electron-microscope photo- 
graphs and their connection with the direction in which the material had been rolled (worked), 
while N. N. Buinov noted the desirability of making observations in the presence of an applied 
magnetic field. 

V.E. Yurasova, A.A. Predvoditelev and N.A. Tyapunina told of the application of ion 
bombardment for revealing dislocations in cadmium crystals. In this report, delivered by 
Tyapunina, the substantial advantages of this method over others were given. 

Yu. A. Skakov, N.N. Buinov, Polyakov and others were interested in the temperature 
control of the sample, the shape of the ionic etch patterns, and the character of the spiral 
entities among the surface patterns formed. 

The communication of V.G. Bravinskiy, V. P. Ivanov and A. M. Reshetnikov was con- 
cerned with the application of electron microscopy to the investigation of fractures in ceram- 
ics. The samples were submitted to bending tests. Their surfaces were studied with lacquer 
replicas, tinted with chrome. 

K.N. Namitokov investigated metallic powders with the electron microscope. The pow- 
ders had been obtained by several methods, including electrical corrosion. 

V.B. Ostroumov felt studies of fine iron carbonyl would be desirable; N. N. Buinov 
thought the temperature gradient and other experimental particulars might be better 
controlled. 

In the section, Instrument Design and General Preparatory Methods, and subsection, 
X-Ray Microscopes, a number of reports were heard. 

In the report, "Optics of Electron Microscopes EM-5 and EM-7,'' V.N. Vertsner, 

Yu. V. Vorob'yev, G.A. Bogdanovskiy, Yu. M. Voron and Yu. V. Chentsov described the 
construction of these two instruments. They feature: a) a condenser that reduces the region 
irradiated by the electrons to 6—10 microns; b) an unregulated stigmator in the condenser 
and intermediate lenses, and an electromagnetic stigmator with a rotating field in the objec- 
tive and movable pole shoes in the intermediate lens; d) alignment in which a 50 cycle alter- 
nating voltage is applied to the accelerating voltage. The resolving power is 12—15 A. 

In answer to the questions of G. V. Der-Shvarts, A.G. Vlasov, P. P. Kas'yankov and 
V.N. Vertsner, Yu. M. Vorona stated that the basic difference between the EM-5 and EM-7 
lies in the power supply. The EM-7 uses a high-frequency circuit and the accelerating volt- 
age is increased to 80 kv. 

Achromatic lenses in multilens magnetic electron microscopes were considered by 
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P.A. Stoyanov. To suppress chromatic aberration in the field, a double intermediate lens is 
used. The objective and projecting lenses are achromatized by the usual method. 

Answering the questions of G. V. Der-Shvarts, A. G. Vlasov, P. P. Kas'yankova and 
V.N. Vertsner, the author declared that there was no distortion. The presence of two inter- 
mediate lenses gives no trouble in focusing. The total aberration may be taken equal to the 
arithmetic sum of all the aberrations. Chromatic aberration of rotation is compensated for 
by opposing coils in the two intermediate lenses. 

Yu. V. Vorob'yev remarked that field chromatic aberration, which can be corrected by 
achromatization in microscopes of high resolution, is negligibly small in comparison to axial 

-chromatic aberration. The appraisal of the field chromatic aberration of the intermediate 
lens (0.5 A) given by the author for a microscope with 5 A resolution was in error by at 
least an order of magnitude. In the opinion of Vorob'yev, introduction of the two intermedi- 
ate lenses was unjustified. 

In the communication entitled ''The Photoelectronic Microscope EM-6," V.N. Vertsner, 
V. A. Nikiforov, G. A. Bogdanovskiy, V.V, Kozelkin and Yu. V. Shchetnev described the 
structural details of this instrument. The machine is:a combination of an electromagnetic 
objective, and a monocrystalline screen of high resolution with a photomicroscope. Photog- 
raphy is performed at magnifications of 3,000, 5,000, and 10,000 X and exposures of 3 to 
20 sec with the aid of an attachment employing a "Zenit C'' photochamber. The resolving 
power is better than 100 A. 

Responding to questions from Yu. M. Kushnir, I.G. Stoyanova, A.M. Strashkevich, 
P.A. Stoyanov, and A.I. Makarova, researcher Shchetnev added that the instrument could 
be made portable if desired. Essentially, the current density at the objective is at least 2 
to 3 orders lower than that in the usual electron microscope. The small loss of sharpness 
observed at the periphery of photomicrographs is due to quality defects in the optical objec- 
tive lens. The vacuum is created by a diffusion pump with air cooling. Advantages of the 
EM-6 are simplicity of construction and ease in handling. A.N. Kabanov noted that it might 
be possible to further simplify and decrease the dimensions of the instrument. A. E. 
Protsenko felt that the microscope should be of great interest to biologists. 

In the report ''Study of Magnetic Circuits for Electron Microscope Lenses, '' P. A. 
Stoyanov and L. Yu. Vol'fson made a comparison of the leakage fields of lenses with various 
magnetic circuits. It was noted that permalloy circuits sharply reduce the leakage field. 

A. G. Vlasov noted that it was not clear from the diagrams presented that the angles of 
the magnetic circuit are of importance. This is a defect in the method. G.G. Der-Shvarts 
said the work was very important since the quality of images is essentially determined by 
the stray field. Z 

Yu. V. Vorob'yev presented the report "Analysis of Aberration Due to Faulty Installation 
and Adjustment of Electron Microscopes." Errors in setting up the objective lens leads to 
axial astigmatism and other aberrations. A compensator for suppressing aberration was 
proposed. Methods of adjusting the microscope were compared and it was indicated that, to 
ensure high resolution, the distance between the voltage and magnetic centers should not ex- 
ceed 3 to 4 microns. 

Answering the questions of G. V. Der-Shvarts and P. A. Stoyanov, the researcher said 
that the stray field is the source of the divergence of the two centers. The permissible varia- 
tions in alignment depend on the operating regime. Sometimes there are no criteria for con- 
trolling the calculated aberration. Pole shoe astimatic control is insufficient for realizing 
the limiting resolution. New control means must be found. 

P. A. Stoyanov remarked that the work was highly significant and that creation of pole 
shoes with a small astigmatic difference in the focal length would ensure high resolution. 
V.N. Vertsner interjected that at the present time there has been no noticeable advance in 
raising the limiting resolution of instruments. The condition is similar to the situation with 
astigmatism in his own time before the invention of the stigmator. There are several uncor- 
rected aberrations, and until methods of compensation and control are created, there can be 
no significant advance. Megan ‘ 

The work "Alignment of Electron Microscopes by Means of Electromagnetic Fields" was 
reported by P. A. Stoyanov. Electromagnetic systems for aligning the instruments by deflec- 
tion of the electron beam (equivalent in effect to two prisms) were considered. 

G.V. Der-Shvarts remarked that, in his experience, such systems are very difficult to 
adjust. V.N. Vertsner recalled that electromagnetic alignment has already been used for a 
number of years in the electron microscopes EM-5 and EM-7. However, it is necessary to 
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consider that since the stray field is a nonlinear function of the excitation, any transition to a 
different accelerating voltage upsets the alignment. 4 

S.V. Bezlepkin, Yu. M. Kushnir, G.V. Der-Shvarts, P. V. Zaytsev and L. B. Rozenfel'd - 
reported on the modernization of the UEM-100 microscope. An intermediate lens has been 
developed which is placed in the objective tube. There is a "cat's eye" type selector dia- 
phragm. The instrument is adaptable to observation or microdiffraction. : 

P. A. Stoyanov and N. M. Grishina gave a report ''Elimination of Astigmatism in the n- 
termediate Lens in Microdiffraction Work by Means of a Stigmator."' For improving the 
quality of microdiffraction pictures from the UEMB-100 microscope, an electromagnetic . 
stigmator, composed of two pairs of coils, is inserted in the intermediate lens. Nodistor- . 
tion of the electronogram scale was observed. 

At the meeting of the instrument design section devoted to electron microscopes of vari- 
ous types and other instruments for studying microstructure, the following communications 
were heard. ‘ 

G.V. Spivak, I. A. Pryamkova, D.V. Fetisov, A.N. Kabanov, L.V. Lazareva and A.I. | 
Shilina presented a work entitled "Mirror Electron Microscopes for Studying Surface Struc- 
ture of Solids.'' Data on all-metal models of mirror electron microscopes were presented | 
with the most recent structural developments of these devices for observing the microgeome- 
try of electrical and magnetic microfields on the surfaces of solids. A feature of the instru- 
ment is its high sensitivity and the possibility of detailed investigation of surface microstruc- 
tures permitted by the fact that the electrons, for the most part, linger near the surface un- 
der investigation, are strongly modified by the surface fields, and depart, bearing informa- 
tion on the microstructures. The report was illustrated by pictures of the domain structures 
of cobalt, ferrites and ferroelectrics and surfaces of Ge and Cu single crystals, etched by 
ion bombardment. The mirror microscope has an illumination system with a condenser, 
photochamber, intermediate lens, electronic mirror, and an alignment mechanism; the sam- 
ple may be moved in three dimensions; it may be heated, its temperature measured or a 
magnetic field may be superimposed. The light-gathering power of the instrument is en- 
hanced by a magnetic field in the region of the object. 

In answer to questions, posed by Z. Ya. Berestneva and G. V. Der-Shvarts, G.V. Spivak 
informed the gathering that the sample may be of any form; surfaces are preliminarily cleaned 
by mild ionic bombardment, which is done outside the instrument. 

Speaking on the report, V.N. Vertsner observed the great promise of the work. New 
possibilities are emerging with the development of such instruments. With this method, itis 
now possible to directly observe and evaluate the magnitude of microfields, whereas other 
methods only permit evaluation from indirect observations. 

On the theme "Certain Topics in Reflection Electron Microscopy, '' Yu. M. Kushnir, 

C.Z. Bezlepkin, G.V. Der-Shvarts, I. V. Zaytsev, Yu. V. Kulikov, L.B. Rozenfel'd, L. A. 
Titov and I.S. Trutneva presented a report concerning a developed instrument in which the 
sample is inclined at an angle of 20—30° to the microscope axis. The electron beam ensures 
a high electron density over the object. The image may be observed on a brightness ampli- 
fier screen. The permissible tolerances in accuracy of preparing the lenses and aligning 
them were calculated. In answering the questions of Z. Ya. Berestneva, G.V. Spivak, G. G. 
Dutova, A.V. Smirnova and B. A. Ostroumov, G.V. Der-Shvarts informed them that to pro- 
tect certain samples, the voltage must be lowered. In the future the temperature of objects 
will be measured automatically; at present this is done pyrometrically. The beam aperture 
is on the order of 5 10-3 radians; the electronic brightness was not determined. The diam- 
eter of the crossover is 14 microns. The scale ratio in two directions is equal to 3. Irradia- 
tion at wide angles from the instrument axis gives pictures of poor quality. 

A.M. Solov'yev and V.N. Vertsner spoke of certain problems encountered in the develop- 
ment of X-ray microanalyzers. Depending on operating conditions of the microanalyzer, the 
secondary lens should have a long focal length and a specified coefficient of spherical aberra- 
tion. For obtaining maximum current density in a spot of given diameter, the electron opti- 
cal system should operate with a reduction M = dgource/Gprobe: Three adjustment mecha- 
nisms are necessary and sufficient: a shifting of the Venel't cylinder relative to the anode; an 
inclination of the beam between lenses, and mobility of the diaphragm of the secondary lens. 

Answering the questions of G. V. Der-Shvarts and I. S. Sbitnikova, the researcher A. M. 
Solov'yev reported that the diameter of the source was taken equal to the "half-width" of the 
crossover for calculation purposes. To compensate for spherical aberration, a nonaxially 
symmetric optical system was designed and installed. 
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A report on the theme "Certain Problems of Scanning Microscopes with X-Ray Micro- 
analyzers" was presented by Yu. M. Kushnir, D.V. Fetisov, K.K. Raspletin, B.I. 
Pochtarev, F.U. Spektor and A.N. Kabanov. The optical system of the instrument devel- 
oped by them consists of two reducing electrostatic lenses and is equipped with a stigmator. 
A probe measuring a few tenths of a micron was made. The receiver is a secondary electron 
4 multiplier, the GOI(VEU). The assembled machine was tested as a scanning microscope. 
| The X-ray microanalyzer is located outside the machine. 

In answering the questions of M.I. Isypin, B.N. Malyshev, G. V. Saparin, G.V. Spivak 
and N.N. Buynov, researcher Kushnir gave the additional information that the limits of the 
analyzing element are identical with those of a static probe. Due to the scattering of elec- 
trons in the sample, use of a probe less than 0.5 micron would be unreasonable. Although 
only electron-beam images were obtained, in the future X-ray images will be attempted. At 
present nothing is known concerning the nature of the contrast formed at p-n junctions which 
| was observed during the experiments. 

The communication "Objective Method of Registering Energy Spectra with an Electro- 
static Analyzer" was presented by A.N. Kabanov, Yu. M. Kushnir, D.V. Fetisov and M. P. 
Moiseyeva. Up to accelerations of 75 kv, constant resolution is maintained by smooth con- 

_ trol of the potential of the analyzing lens, which further ensures invariance in the trajectory 
of electrons with different energies. In this way there is no intensity distortion in the elec- 
tron distribution. 

The receiver may be an FEU or a VEU. Characteristic losses were examined for a host 
of objects under conditions of transmission and reflection. 
| In answering questions from P. D. Tokarev and A. Ya. Vyat-skin, Kabanov informed 
_ them that the current passing through the second aperture was about 10-9 amperes. Tokarev 
_ suggested that a modulator could be inserted behind the second aperture to give a few cycles 
of alternation to the recording beam current. In that way an AC amplifier could be used and 
- eurrents of 10-!2 to 10-14 amperes could be measured with high stability and sufficient 
- accuracy. 

A report on a magnetic objective attachment for electron emission microscopes was 
made by A. M. Rozenfel'd and P. V. Zaytsev. With their magnetic objective, due to the ab- 
sence of screening by a Venel't cylinder, it should be possible to increase the resolving 
power of the EEM-7 emission microscope. Structural details of the objective and photomi- 
crographs obtained with it were demonstrated. 

To the questions of V. V. Polivanov and G. V. Spivak, Rozenfel'd replied that the magni- 
tude of the power supply instability at 100 A was not determined. It was probably the same 
as that for ordinary microscopes. Unfortunately, if there was also great distortion at the 
objective, some of the magnetic field was lost. 

In his report "Analysis of X-Ray Microscope Manufacture and Employment," Kh. I. 
Mamadzhanov reproduced the familiar literature data on the contrast and resolving power of 
X-ray microscopes with diverse systems. 

The third meeting of the instrument design section dealt with experimental methods, ap- 
paratus for preparing the material, and photographic supplies. 

I. S. Renskiy and P. A. Stoyanov told of studies made with certain types of photographic 
plates used in electron microscope work. They gave the results of nuclear research with 
electronographic and photographic plates. 

Answering the questions of Yu. S. Chentsov and N.G. Sushkin, Renskiy said he and his 
colleague had little data on the contrast and resolving power of the electronographic plates; 
the resolving power of the nuclear plates was 40 tracks per mm. 

I. A. Fomina spoke of the latest developments in photographic materials for electron mi- 
croscopes. Sensitometer investigations of fine-grained nuclear plates of type MK and MR, 
in the entire range of intensities used, gave no deviation from the rule of interchangeability. 
The plates have high sensitivity and contrast, plus excelent resolution. She presented some 
formulas for developers. ; 

The questions of Z. Ya. Berestneva, B.S. Kolchev, S.B. Stefanov, I.S. Mel'nikova and 
A. K. Pakidin brought out that MR plates are more sensitive than MK, and have high resolving 
power. They are good for six months. Z 

A great deal of interest was created by the report of I. G. Stoyanova, entitled The 
Physicotechnical Fundamentals of the Gas Microchamber Method in Electron Microscopy. 
The chamber, installed in the UEMB-100 instrument, allows preparations found in gaseous 
media to be investigated. If the radiation time can be made small enough, the vital functions 
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of microorganisms may be preserved. The kinetics of reactions between solid and gas 
phases can be followed, using this chamber. During the discussion period, V. M. -Kushnarev 
observed that the photomicrographs of bacterial cells presented had very poor definition. 

The sequence of changes occurring in the organism, denoted by the author of the report, were 
debatable. But, as A.D. Gil'man pointed out, the remarks of Kushnarev in no way lessens 
the importance of the chamber for biologists and others. G.O. Bagdykyants agreed that the 
chamber is a valuable addition to microscopy. It will be especially useful in research on the 
kinetics of chemical reactions, requiring only some very simple manipulator for bringing 
the components into contact. Recording could be made with a kinematograph. Yu. M. 
Kushnir pointed out that development of the gas chamber is the first step toward the study of 
living objects in the electron microscope. I.G. Stoyanova has made great steps forward in 
the development of the original chamber. : 

V.N. Vertsner was the last to speak on the paper. He admitted that the gas chamber is 
an interesting new development. However, even allowing that at present it may be applied to 
chemical materials, in the field of biology, the basic problem is still unsolved, i.e., how to 
lower the X-ray dose, which kills microorganisms even on brief exposure. In this connection, 
a television method of observing images might be employed — a television electron micro- 
scope. Using it, the current density around an object could be reduced by 3 or 4 orders of 
magnitude. 

The report, ''Concerning the UMD-4 Ultramicrotome" was made by A. M. Rubinshteyn 
and M.I. Dashevskiy. The UMD-4 microtome, working on magnetostriction principles, is 
capable of making cuts 50 to 500 angstroms thick at a rate of 15 to 60 per min; micron cuts 
can also be made. The area of the section may be as muchas 4mm*. The microtome uses 
a thermal feed. In reverse motion, the object is deflected 4 microns from the knife, due to 
magnetostriction. The slicing speed is variable from 18 to 60 cm/min. 

Answering V. M. Kushnarev and A. M. Reshetnikov, researcher Rubinshteyn said that the 
slicing speed is selected following data on the earlier microtome of M.I. Dashevskiy. Fairly 
hard objects, such as catalysts and soft minerals were required. Kushnarevy pointed out that, 
to obtain sections of biological material, a higher slicing speed would be necessary. A 
Swedish microtome has a slicing speed of 50 mm/sec. 

Ya. Yu. Komissarchik and V. F. Mashanskiy spoke on experience in operation of the 
mass— produced Soviet ultramicrotome, the UMT-2. Six months of work with the UMT-2. 
and a variety of histological objects showed that reliable production of a series of identical, 
undeformed sections, 100A thick with an area from 1 to 1.5 mm’, can be obtained. Photo- 
micrographs showed fine definition. Certain faults were noted: the arrangement of the 
motor and the binocular microscope is unfortunate; there are too few object holders; there 
is no way to smoothly vary the cutting speed. 

In answer to a question from M.I. Dashevskiy, researcher Komissarchik replied that 
the cutting speeds are 25 and 50 mm/sec, and that the sections are not wrinkled, if the knife 
is set properly. 

S. V. Stefanov noted that the UMD-4 microtome holds a number of advantages over the 
UMT-2: there is no motor or drive mechanism, and the slicing speed can be altered in a 
continuous fashion. 

Those in attendance showed great interest in the report, ''Device for Etching the Surfaces 
of Metals, Dielectrics and Semiconductors by Ionic Bombardment (the UIT-3), ' presented by 
G.V. Spivak, F. F. Kushnir, and V.E. Yurasova. A new model was described. The pos- 
sibilities of the device were illustrated by photomicrographs revealing grain structure, the 
symmetry of crystal planes, slide figures, details of grain structure, dislocations, and so 
on. Structural investigations may be made on samples heated to 1200°C and under the influ- 
ence of mechanical forces such as compression or tension. Observation of the etching proc- 
ess is made with a long-focus optical microscope; photographs are made without removing 
the sample from the vacuum. For electron-microscope studies, the sample, while in the 
vacuum, can be directly coated with a carbon, quartz, or other type of film, thus producing 
a replica. Ionic bombardment has several advantages over other etching methods. 

Answering a flood of questions, V. E. Yurasova added that the etch time varied within 
wide limits and on it depended the depth of etching. The degree of etching was also a linear 
function of the current density. The samples can have any shape or thickness. Investiga- 
tions of mechanically deformed objects are still only tentative. The etching was done in neon 
and argon, which were not previously purified. There was no local heating of the samples. 

D.V. Ignatov remarked that oxides may be formed during ionic etching and decompose 
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_ the basic material of the object. Therefore, the composition must be controlled electron- 


ographically. Later, I. P. Sokolskiy declared that the proposed method could be of great 
use to metallography, especially in conjunction with deformation of the sample. But it must 
be carefully worked out to avoid the creation of oxidation products. 

K. P. Bondarenko, B.N. Grechushnikov, G.I. Distler, V.S. Chudakov and G. D. Shnyrev 


_ described a universal vacuum vaporizer. The device provides for vacuum evaporation and 


cathode dispersion.. Objects placed in it can be cooled to —170°C and heated to 500°C. Dur- 
ing evaporation the placement angle of the sample relative to the vaporizer can be changed, 
and the sample may be set to rotate at a given speed. The vacuum achievable without freez- 


| ing is 2+10-° mm Hg, and with freezing, it is 5 +10-° mm Hg. 


Answering questions, researcher Shnyrev stated that the device could also be used to 


evaporate difficultly fusible metal powders. 


L. B. Rozenfel'd and A.I. Makarov presented a paper entitled "Ion-Optical Method for 


| Preparing Diaphragms of Small Aperture. '"' With the aid of the ion gun developed by them, 


which gives a beam 2 to 3 microns across, it is possible to obtain apertures of truly circular 


_ form, having diameters of from 2 to 100 microns, in metals, dielectrics, and semiconductors. 


In answer to questions asked by A. A. Petrova, Yu. M. Vorony and Yu. S. Veselyanskiy, 


_ Rozenfel'd reported the amount of deviation from circular form depended on the basic struc- 


ture of the metal. In an aperture of 50 microns, the ellipticity is insignificant. Good dia- 
phragms were not obtainable from molybdenum plate. To all appearances, ionic etching can 
be used to clean diaphragms with apertures. 

The following communications were presented in the section on instrument manufacture 
on the subjects of supply sources for electron microscopes and development of structural 
details. 

"Supply Source for Electron Lenses with High Resolution, '' V. V. Polivanov, V.V. Il'in 
and R. V. Pogudina. In the developed feed, the current instability through the objective lens 
does not exceed 0.0004%. Smoothness and accuracy of regulation of the current (within 
0.0008%) is secured within wide limits. 

P, A. Stoyanov noted that the authors have created a circuit of high stability. Further- 
more, the design of their control system is such that a series of photographs in the immedi- 
ate neighborhood of the focus may be made by given variations of the current. This possi- 
bility increases the quantity of usable photographs. 

A.V. Iz'yurov described a high-voltage supply for electron microscopes of high resolu- 
tion. It involves the insertion in cascade of a high-frequency rectifier allowing a total insta- 
bility, including pulsations, of 0.0005%. The instability is measured continuously by a cir- 
cuit of 0.0001% sensitivity. This source gives a resolving power of 5 A. 

Discussing this, V. V. Polivanov stated that, in the accepted method for calculating in- 
stability, only the peak voltage at the time of the determination is used, ignoring its duration. 
This leads to an unjustifiably large value for the instability. 

V.N. Vertsner pointed out the need for a rational approach to this determination through 
the use of statistical weights for observed peaks, that is to say, by making allowance for 
their number and duration. 

In a communication delivered by D. V. Fetisov and A.N. Kabanov, "Small-Scale Armor- 
ing of High Voltage Leads, ' an armored construction made and tested by the authors was 
presented. 

P. A. Stoyanov and V.V, Kozelkin noted that a porcelain—organic glass seal in a high- 
voltage lead will not contain the voltage, and testing of the proposed lead even with doubled 
dimensions showed their unsuitability of these materials at 60—70 v. 

There followed a report, ''Vacuum Switches" by D.V. Fetisov, B.I. Pochtarev and A.N. 
Kabanov, concerning the structural design of semiautomatic vacuum switches found in many 
electronoptical devices. 

As was noted by V.N. Vertsner, D.V. Fetisov is a pioneer among us in the development 
and application of vacuum tube switches, not employing sylphons. The work of his entire 
group in this direction has been extremely fruitful. 

Below we give a brief survey from "The Applications of Electron Microscopy to Chemis- 
try."' Most of the chemistry papers heard in this section were devoted to studies of polymer 
and silicate materials. 

K. A. Begnovskaya, L.G. Senatorskaya, B.Z. Berman and B. A. Dogadkin made an 
electron microscopic investigation of latex mixtures. 

7. Ya. Birestneva, M.B. Konstantinopol'skaya and V. A. Kargin conducted an 
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investigation of fibrous inorganic substances, using fibrous aluminum hydroxide as an exam- 
ple. Comparing electron microscopic and electronographic data, the authors detected dif- 
ferences in the structure of the preparation, according to which method was chosen for, struc- 
ture determination. 

L.N. Rashkovich and V. P. Varganov studied the crystallization of certain hydrosili- 
cates of calcium under hydrothermal treatment. The authors established the factors that 
determine the time required for conversion of the hydrosilicates and showed that these con- 
versions proceed only by means of the solution of one and crystallization of another phase. 
The electron microscope allowed the course of the process of change of form in the crystals _ 
to be followed. 

Z.M. Larionova completed an investigation on the hydration of various binders, includ- 
ing sulfate, quick—setting and torsion cements. Here the electron microscope makes pos- 
sible the observation of kinetic processes, such as the formation of calcium aluminum hy- 
drosulfate in certain cements in the early stages, when the newly formed crystals are prac- 
tically invisible in an optical microscope. There is every reason to believe that the results 
obtained will give builders more confidence in applying specified binders in the production of 
steel and concrete details. 

A positive feature of the last two works is their complexity: besides the electron micro- 
scope, the authors used a variety of other physical and chemical methods, all of which gave 
depth and richness to the information collected concerning the systems under investigation. 
To a lesser degree, this complexity was present in a study of the structure of glass (V.I. 
Shelyubskiy and N. M. Vaysfel'd), although, indeed, here the electron microscope recom- 
mended itself as an extremely effective tool for the development of glass—crystal materials 
with specified properties. Finally, the carefully performed, definitely interesting, electron— 
microscopic investigations of soils (N.I. Gorbunov and B. P. Gradusov) and argillaceous 
materials (D. D. Kotel'nikov) still lost something of their value by the omission of other 
methods in the research. 

Among other works might be mentioned the well—conducted study of the secondary struc- 
ture of iron carbonyl (A.A. Petrova, et al.), in which the authors established a connection 
between the structure of the preparations and the technological conditions under which they 
are obtained. M.L. Petrova made a detailed electron—microscopic and electronographic 
investigation of pyrolitic carbon films, and as a result she succeeded in establishing a rela- 
tionship between the film structure and the conditions of their formation; she proposed new 
theories for the mechanism of pyrolitic carbon formation. 

The new methods presented at the Conference were extremely interesting. ; 

V.I. Kasatochkin, V.M. Luk'yanovich, N.M. Popov and K. V. Chmutov used an electron 
microscope—electronograph with an accelerating voltage of 400 kv to make microdiffraction 
studies on the structure of carbon—black particles. The authors were able to obtain electron- 
ograms of regions no more than 0. 06 micron wide, whereas the microdiffraction selectivity 
of the ordinary microscope of 100 kv accelerating voltage is about 1 micron. There is no 
doubt that high-voltage microdiffraction is an extremely effective method for investigating 
the mosaic structure of materials. 

The new possibilities offered by X-ray microscopes were exemplarily demonstrated by 
G.O. Bagdykyants and M. A. Tsepova in their study of a number of fillers in organic media. 

The conference showed that electron microscopy in chemical investigation is a very im- 
portant tool, affording information concerning the dimensions, form, and character of ag- 
gregations of particles in colloidal dispersion. As distinct from a number of indirect methods, 
at the present time it is only electron microscopy that permits the direct and reliable obtain- 
ing of the above-mentioned information, information that is prerequisite for the solution of 
many theoretical and applied problems. The raised methodological level of work conducted 
in recent times should be noted. In addition to studies of powder samples, which require 
very simple preparation, the Conference was the recipient of no small number of works de- 
voted to the qualitative examination of the surfaces of solids by means of the replica method 
(carbon and quartz). Microtome methods are beginning to find more frequent use in chemi- 
cal investigations. 

Below we give a brief description of material presented in the section on the applications 
of electron microscopy to metallography. 

In the reports of S. T. Kishkin, N.S. Gorchikova, E.V. Polyak, I.S. Mel'nikova, A. V. 
Smirnova, M.I. Vinograd, G. A. Kokorin and G. L. Gromova, data were presented which evi- 
denced successful application of electron microscopy to the investigation and treatment of 
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heat-resistant alloys. The method permits qualitative indexes to be established, characteriz- 
jing the structural composition of metals submitted to various thermal treatments and high- 
temperature deformations. 

_ Differentiation of particles with various carbide and intermetallic contents was made 
possible by applications of electrolytic phase separation, hardening methods and ultrasonic 
segregation of alloy precipitates. The study of intermetallic inclusions in certain cast al- 
loys established the causes of lowered plasticity in individual cases, on the basis of struc- 
ture and method of production. 

L. M. Utevskiy and M. P. Usikova made investigations of their films of stainless steel on 
the UEMB-100 electron microscope. They revealed the distribution of dislocations after vari- 
ous deformations and after annealing. 

In another report, L.G. Utterskiy applied the thin—foil method to the study of disloca- 
tions in iron. 

Yu. A. Skakov and Tyan Shu-Sen reported an investigation of the mosaic structure and 
distribution of dislocations in aluminum by the thin-foil method, and in oxide impressions by 
the X-ray method. It was stated that X-ray findings on the magnitude and disorientation of 
the blocks is connected with the distribution of dislocations in the interior of the fragments. 

A study of changes in the fine structure of aluminum and its alloys after deformation and 
annealing was reported by R. M. Lerinman, V.I. Dobatkin and §.I. Seletskaya. The authors 
used the etch figures in the oxide prints to judge the composition of the materials. It was 
found that the first recrystallized regions are formed at the boundaries of distorted blocks. 
M. F. Longinov and V. A. Zverev told of a method developed by them for thinning metal 

plates for direct study of structures with the X-ray microscope. 
A series of communications by L.G. Orlov and L.M. Utevskiy, V.R. Golik and Yu. S. 
_ Veselyanskiy, and Yu. I. Demkin, were devoted to electron-microscopic investigations of 
_ the surface geometry of steel fractures. The material presented confirmed the usefulness 
of electron microscopy in fractography, and permitted establishing the fine structure of duc- 
tile and brittle metal fractures and the connection between dislocations and rupture processes. 

E.S. Kosyakina and V.S. Ivanova reported on structural changes as a result of fatigue 
testing of steels 10 and E Ya—IT. 

A number of reports dealt with phase identification in different systems. Among those 
carried out with electronographic analysis were: Investigation of Thin Fe—C Films (L.S. 
Palatnik, G.V. Fedotov, and A.G. Ravlik); Study of the Transition Layer between Tin Metal 
and Electrolytic Tin Precipitates (G. A. Kokorin and N.I. Vitkin); Electronographic Investi- 
gation of Carbide Formation in Steels (S.S. D'yachenko); Study of Phase Separation on Aging 
Technical Steel (Yu. A. Skakov and S. K. Maksimovj. 

In the report of V. V. Polotnyuk, L.A. Nikolayeva and E.I. Rabinovich, interesting re- 
sults from the electron microscopic investigation of the structure of low-carbon steel after 
deformation and age hardening were presented. Unfortunately the authors were unable to ob- 
tain an electronographic analysis for identification of the separated phases. 

A communication on an electron-microscopic investigation of low-carbon steel after 
aging and tempering was given by P.G. Serdyuk. 

In the work of S.S. D'yachenko and R.S. Kaplan, electron microscopy was used in con- 
junction with a number of other methods (X-ray analysis of fine matrix structure, chemical 
and structural analysis of carbide inclusions) for revealing the source of differences in the 
endurance of cast and forged chrome-molybdenum-vanadium steels. 

In reports by M. A. Kotkis including a large number of investigations of special steels, 
cermets, fatigue fractures and phosphate coatings, electron microscopy was shown to be ex- 
pedient for the successful solution of many technological problems. Thus, the cause of dif- 
ferent workability of gears, and the parameters of the phosphate process were defined. 

G.V. Kvyatkovskaya presented interesting data on the structure of construction steel, pre- 
pared by different pickling methods. 

The reports of O.N. Repkova, V.N. Boloslovskiy and O. K. Shabalina were devoted to 
electron—microscopic investigations of details in ferrite powders and iron oxides. D.I. 
Layner, M.A. Tsypin and A.S. Bay investigated the structure of slags in titanium by the 
cross-sectional cut method. 

A number of reports were concerned with methodology: Method for Obtaining Replicas 
from a Given Section (P. V. Churayev); Electron Microscopic Investigation of the Principal 
Orientation of Polycrystalline Metals (D.I. Layner, E.I. Krupnikova, and A.S. Bay); Struc- 
ture of Electrolytically Finished Surfaces (G.5. Vozdvizhenskiy, G. P. Dozider'yev, and 
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G. A. Gorbachuk); Nature of Etched Sections in Carbon Steels (V. V. Polotnyuk and L. A. 
Nikolayeva). The interesting properties of carbon and quartz impressions from polished 
surfaces were noted: often the impressions do not reveal the sample structure (L. V. 
Lazareva, T.V. Filipova); X-ray microscopy (B.M. Rovinskiy and V.G. Lyutsan). 

The review of the reports in the metallography section presented here shows that electron 
microscopy has been chiefly applied to determinations of the structure of heat-resistant al- 
loys, and alloys in which separation processes occur, studies of dislocation distribution, 
and to studies of structural changes after plastic deformation or rupture of metals. 

As far as methods are concerned, we may mention the promising direct investigations 
with foils obtained by thinning bulk samples and the wide application of electronography, al- 
though, unfortunately, microdiffraction was applied in only a few isolated cases. 

There was a complete absence of reports devoted to direct surface investigations by 
emission or reflection microscopes, even though there are a number of well-known works 
indicating the great promise of such methods in metallography. 


G. V. Spivak, V.N. Vertsner, V.M. 
Luk'yanovich, E. E. Levin and Yu. A. Skakov 


INTERDEPARTMENTAL SEMINAR 
ON CATHODE ELECTRONICS (17th MEETING) 


At the meeting of the Interdepartmental Seminar on Cathode Electronics, convened on 
the 28th of November, 1960 at the Institute of Radio Engineering and Electronics, Acad. Sci. 
USSR, 6 reports on thermal and secondary electron emission were delivered. 

The report of I. A. Rezgol' was concerned with those points on the volt-ampere charac- 
teristic of a thermoelectronic energy converter which represent optimal operation, from the 
point of view of power and efficiency. By means of an artificial division of the load voltage 
into two components, equations for the regimes of maximum available power and maximum 
efficiency in conversion were obtained, both for electron-retarding and electron-accelerating 
fields. The resultant equations were transcendental in relation to the load voltage, but the 
speaker presented a physically demonstrable and uncomplicated method for solving them. 
Furthermore, he proposed finding the operating points of general, rather than particular, 
volt-ampere characteristics given in reduced coordinates. 

The paper by I. M. Dykman and P.M. Tomchuk dealt with questions of the electrocon- 
ductivity and thermoelectronic emission of hot electrons in semiconductors. The speakers 
considered a uniform electron conductor with a sufficiently large concentration of n-type 
conductivity existing in a uniform electric field. From kinetic equations they calculated the 
pulse distribution of electrons with allowance for scattering by optical and acoustic phonons, 
ion impurities and n-type conductivity. The criterion for Maxwellian distribution of average- 
energy electrons at a temperature Te, which exceeds the lattice temperature T, was obtained. 
At sufficiently high energies (greater than kTg) the distribution function is also Maxwellian) 
but the temperature is that of the lattice, T. It was stated that the second region of the dis- 
tribution function is important for thermal emission of hot electrons, while for semiconductor 
electron conductivity, the first region is significant. Calculations were given for semiconduc- 
tor electroconductivity with heated electron gas and its dependence on the concentration of 
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n-type conductivity, the field, and the sample temperature. Special attention was given to 
low-temperature regions in the lattice. 

In the ensuing discussion, M.I. Yelinson and V. B. Sandomirskiy pointed out the need for 
carefully, considering shock ionization processes, the role of scattering by optical phonons, 
and the possibility of obtaining large hot-electron emission currents from semiconductors 
with extensive n-type conductivity. 

G.V. Dudko and O. V. Mitrofanov told of their investigations on the thermoemissive 
properties of certain monocrystalline tungsten faces. By the straight-line method of 
Richardson they determined the work function ¥ and the constant A for flat surfaces (~0.5 cm? 
in area) with various crystallographic indices. Using the X-ray method they were able to de- 
termine the crystallographic orientation of these surfaces with great accuracy. The report 
contained a detailed explanation of the methods used to prepare the samples and the construc- 
tion of the experimental apparatus. The measurements were conducted in a sealed tube at a 
vacuum of the order of 1 +10-° to 5 -10-9? mm Hg. 

The experimental results showed a marked difference in the magnitude of the thermal 
emission constant for different faces of the tungsten monocrystal, both in the presence and 
in the absence of a barium film. 

Taking part in the discussion of the report, V. P. Shrednik, B.N. Popov, A.R. Shul'man 
and L.N. Dobretsov gave a number of factors which would tend to lower the accuracy of the 
emitter temperature determination and they took note of the inadequacy of the given vacuum 
conditions for experiments of this nature. 

O. V. Mitrofanov gave a report entitled ''Experimental Studies of Continuous Secondary- 
Electron Amplification" concerning a cylindrical multiplier with continuous voltage drop over 
the layer, without central focusing of the electrode. An analytical expression was given for 
the amplification factor M of the multiplier for a range of tolerances, and the results of in- 
vestigations on a multiplier with an antimony-cesium emitter, and another with a specially 
developed solid, nonfilm emitter of magnesium orthotitanate (2MgO - TiO,), were presented. 

For selected parameters, the 2MgO + TiO, multiplier gives linear characteristics and 
has the value M = 10° for a channel voltage of approximately U, = 4500 v. Studies of the sec- 
ondary emission of flat samples gave 0m, = 1.8 at U = 400 v. 

In the discussion that followed, N.L. Yansnopol'skiy stated that the principles of opera- 
tion of the instrument were first established and applied, in the photoelectric multiplier RS 
in 1939, by G.S. Vil'dgrube and V.S. Parkhomenko. 

In the report of E.S. Mashkova and V.A. Timofeeva, 'Secondary Emission of Certain 
Ferroelectric Monocrystals,"' data was presented from an investigation of the temperature 
dependence of secondary electron emission from ferroelectric and nonferroelectric modifi- 
cations of potassium niobate (KNbO;). 

The investigators found that, for the nonferroelectric modifications, in the interval from 
250 to 650°C, the coefficient of secondary emission was practically independent of tempera- 
ture, which is in agreement with results on the temperature dependence in semiconductors 
the energy distribution of the secondary electrons was of the same type as that in semicon- 
ductors. 

The coefficient of secondary emission for the ferroelectric modifications had a minimum 
in the vicinity of the Curie point. 


K. A. Akopov, N. A. Karelina, V.I. Pokalyakin 
and G. V. Stepanov 


CORRECTION 


In issue No. 4, 1961, page 680, 1st line from the bottom should appear: 
V.L. Patrushev. 
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